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PREFACE* 


It is due in part to the encouragement of former students of mine that 
I have decided to publish my general course of lectures on theoretical 
physics which I gave regularly during thirty-two years at the University 
of Munich. 

They were of an introductory nature, attended not only by the physics 
majors of the University and the Polytechnic Institute, but also by the 
many candidates for degrees in the teaching of mathematics and physics 
—usually in their fourth to eighth semesters—as well as by astronomers and 
some physical chemists. Classes were held four times a week and supple- 
mented by a two-hour problem period. Special courses in modern physics 
which were given concurrently have not been included in this series of 
books; their subject matter has found its way into my papers and treatises. 
While it is true that quantum mechanics always hovers in the background, 
reference being made to it now and*then, the. actual substance of these 
lectures is classical physics. 

The order of subjects, which is retained in their publication, was 


1. Mechanics 

. Mechanics of Deformable Media 
. Electrodynamics 

. Optics 


. Thermodynamics and Statistical Mechanics 


oon a ee “BS 


Partial Differential Equations in Physics 


The lectures on mechanics were given in alternate semesters by myself 
and by my colleagues in mathematics. Concurrent courses in hydrody- 
namics, electrodynamics and thermodynamics were taught by younger 
members of the faculty. Vector analysis was given in a separate course so 
that its systematic development could be omitted from my lectures. 

Here, as in my classes, I shall not detain myself with the mathematical 


* From the forewords to Vol. I and Vol. II, first and second edition. 
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foundations, but proceed as rapidly as possible to the physical problems 
themselves. My aim is to give the reader a vivid picture of the vast and 
varied material that comes within the scope of theory when a reasonably 
elevated vantage-point is chosen. With this purpose in mind I shall not 
be too concerned if I have left some gaps in the systematic justification and 
axiomatic structure of the work. At any rate, I have avoided frightening 
the student with drawn-out investigations of a mathematical or logical 
nature and distracting his attention from that which is physically interest- 
ing. I think that this attitude has proved its worth in my lectures; it has 
therefore been retained in the printed text. And when Planck’s lectures are 
impeccable in their systematic organization, then I may perhaps claim for 
my own lectures a greater variety of subject matter and a more flexible 
handling of the mathematical apparatus. However, I gladly refer the reader 
to the more complete and often more thorough treatment of Planck, 
especially for thermodynamics and statistical mechanics. 

The problems collected at the end of each volume should be considered 
as supplements to the text. They were presented by the students during the 
problem periods after they had worked them out and handed them in in 
writing. Elementary numerical calculations, such as are found in great 
number in textbooks and collections of exercises, have, in general, not been 
included. The problems are numbered by chapter. Sections are numbered 
through in each volume, and equations in each section. Within each volume 
references to earlier equations can thus be made by merely giving the num- 
bers of section and equation. 

In this second volume a fairly complete development of certain mathe- 
matical methods had to be given. These methods are often taken up in 
a separate introductory course on theoretical physics; their incorporation 
in Vol. II accounts for its larger size. But the actual subject of this volume 
is the mechanics of systems with an infinite number of degrees of freedom. 
The place of ordinary differential equations (governing the mechanics of 
systems with a finite number of degrees of freedom) is here taken by 
partial differential equations, the place of vector algebra by vector analysis, 
which is briefly summarized in Chap. 1. Besides, it was necessary to develop 
the fundamentals of tensor analysis, being an indispensable tool in the 
theory of elastic solids and viscous fluids. This has been done for Cartesian 
coordinates and to some extent also for orthogonal curvilinear coordinates. 

Some points may be mentioned here in which this presentation seems 
to be more complete than the one generally found in textbooks on the 
same level: In Chap. I.2 it is proved that the curl is an axial vector (or 
antisymmetric tensor). Following O. Reynolds we consider in II.10 two 
laws of similitude and two corresponding invariants, viz. a dimensionless 
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number S characterizing the pressure dependence in addition to the usual 
Reynolds number. In ITI.15 we discuss the quasi-elastic body (gyroscopic 
ether) ; its logical place is among the continuous media that are compatible 
with the fundamental theorem of kinematics in I.1. Rather than explain 
Maxwell’s equations by a mechanical model, we want to show in this dis- 
cussion the fundamental difference between electrodynamics and mechanics. 
In Chap. V, Sections 27 and 28 deal with the somewhat involved problems 
of circular waves and ship waves. Complete calculations are supplied using 
the method of stationary phase which is a simplified version of the method 
of steepest descent. In the plate and jet problems of Chap. VI the dimen- 
sions of plate and of orifice etc. are carried as parameters throughout the 
entire calculation. This form of analysis has perhaps a stronger physical 
appeal than the usual one which employs dimensionless quantities. Kar- 
man’s vortex street (32) is extended according to Maue to include the un- 
symmetrical case in which the flow is not parallel to the street. The hydro- 
dynamic theory of journal bearings is briefly dealt with in VII.36. Rie- 
mann’s theory of shock waves is discussed in 37 with a particular view to 
the results that Bechert obtained in certain elementary integrable cases. 
Sec. 38 is a report on the history and present situation of the difficult 
turbulence problem and includes also Burger’s mathematical model of 
turbulence. In VIII.43 one finds, in the problem of the helical spring, an 
example of combined bending and torsion. In 44 the boundary conditions 
' for an oscillating parallelepiped are discussed, and the foundations laid for 
the quantum-theoretical thermodynamics of the solid body. 

It is obvious that not all the topics found in this volume could have been 
touched upon in the brief period of one term; several of the subjects men- 
tioned before have in fact been added for the print. 

The second edition of Vol. II has been supplemented by a representation 
of general tensor calculus limited to three dimensions and orthogonal line 
elements. Tensor calculus does not hold an advantage over the simpler 
vector analytic formulas for the cases considered here (cf. App. IV), but, 
because of its importance in the general theory of relativity, it cannot be 
entirely omitted if a fairly complete exposition of the mathematical methods 
of theoretical physics is the goal. 

The discussion of the turbulence problem, which already presented 
great difficulties in the first edition, had to be revised on the basis of so-far 
unpublished work by C. F. von Weizsicker and W. Heisenberg. My 
opinion of long standing that turbulence would finally be accounted for by 
integration of the Navier-Stokes equations in their complete, non-linear, 
form, proved wrong in the special case of “isotropic turbulence’ investi- 
gated by the two authors; here, as in the kinetic theory of gases, statistical 
methods have shown their superiority. It was, of course, impossible to 
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review the new results in detail, but the previous representation had to be 
corrected in many places in accordance with the new point of view. 


Munich, July 1946 Arnold Sommerfeld 


In this translation of the second volume of Professor Sommerfeld’s “‘Vor- 
lesungen tiber theoretische Physik’’, the text of the second edition (1947, 
D. V. B., Wiesbaden) has been followed. Disregarding a few non-technical 
remarks that hold interest only for German readers, nothing has been 
omitted, and no changes have been made apart from necessary adaptations 
of the notation. Several brief footnotes have been inserted, however, to 
bridge over certain differences, mostly of a terminological nature. Topical 
references to the first volume have been supplemented by corresponding 
references to well-known American and British texts with the aim of 
making this volume independent from the preceding one, and a new index 
has been prepared. 
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CHAPTER I 


KINEMATICS OF DEFORMABLE BODIES 


- I. A Fundamental Theorem of Kinematics 


Helmholtz establishes the following theorem at the beginning of his 
paper on vortex motions:’ The most general motion of a sufficiently small 
element of a deformable (i.e., not rigid) body can be represented as the 
sum of 

1. a translation, 

2. a rotation, 

3. an extension (contraction) in three mutually orthogonal directions. 

The proof is based on the Taylor expansion of the relative displace- 
ment of two neighboring points P and O in terms of their original co- 
ordinate differences. 

Let P be a point of the volume element under consideration and 
x, y, 2 its coordinates in a rectangular system the origin of which, O, lies 
' within the element. In a general motion of the body the points P and O 
will both experience changes of position, which we denote by é, n, ¢ and 
fo » mo , fo respectively, referring to the chosen space-fixed coordinate 
system. Taylor’s formula then gives for the displacement of P 


emf toot ey t pet 
(1) ae ee tt 
ree + A 
Introducing for brevity 
(2) = on, oy = as of = on, pe ae 


1Uber Integrale der hydrodynamischen Gleichungen, welche den Wirbelbewegungen 
entsprechen. Crelles J. 55, 25 (1858). 
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- Lift (<3 ” (a3 ”) 
we write each of the quantities a;, as a sum of an “odd” and an “even 


term 


Qin ~ Ani its Qin + Oni ' 
Qik —ss 9 y 5) 


“odd” and “even” refer, of course, to the commutation of the subscripts. 
Now, (1) may be rewritten in the following form 


7 31 


p= bt [04 Sy poem, 


| 
ciated, Ga 


a Gye 2 5) 
1 = to + ed 
(3) 
+ EP) 
ee fe a) 


31 + Ais Aaa + Ar3 
> eas 


+e Y + G32 


? 


where terms higher than first order in 2, y, z have been omitted. Let us 
introduce the symbol s for the total change of position of P; the vertical 
separation lines in (8) indicate that the displacement s is compounded of 
three partial motions Sp , 8; , 82 , Or 


(4) S=S+5,+8. 


The displacement Ss, , with the components £ , 7 , > , is the same for 
all points P of a volume element and is therefore a translation. 

The central portion of the set (3), s, , is a rotation. Upon introducing 
the vector $, with the components 


Q32 — Ao3 Giz — G31 Gh, — 0) 
(5) os ea Py = 9) 2 ¥ Pz at 9 BY 


and the position vector OP = r, we obtain simply 


(6) S: = see 
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This displacement is well known from rigid body kinematics (Vol. I’, 
Eq. 22.3) and corresponds to the infinitesimal rotation $ (the appropriate 
notation would be 6) whose axis and magnitude are given by the com- 
ponents 9. , %,%..° 

The infinitesimal rotation is not a vector in the proper sense, such as 
a polar vector that characterizes a translatory displacement. One may, 
nevertheless, denote it by the usual vectorial symbolism, associating with 
it a polar vector 6 that points in the direction of the azis of rotation and 
has a length equal to the (infinitesimal) angle of rotation. More about 
axial vectors is found in 2. 

There is, of course, no change in the length of the vector OP due to the 
displacement s, . This is self-evident if we consider s, from the point of 
view of rigid body kinematics, but will be shown here independently. 
The square of the distance OP is 


Oe ir tay) — |r? er 8 | sn, 
but according to (6) 
r-s; =r-(6 Xr) = 6-(r Xr) = 0. 
Disregarding second order terms as in (8), we find 
l\traasq) = |r on 


(It will be noticed that here and in all subsequent arguments of a similar 
nature, ‘no change” means ‘‘no change in first approximation.’’) 

In order to pass from infinitesimal to finite quantities the displacements 
must be considered in their time dependence, which amounts to introducing 
velocities instead of displacements, viz. 


(7) 8 = VAt, 6 = owAt, 
or in components 


&= uA, n = vAt, ¢ = wit, 
(8) 


Gz = w,At, ¢, = w,At, oO, = w,Ai. 


Here v is the velocity of the particle or volume element considered, and 
w its vortex vector; the physical importance of the latter quantity was 
first recognized by Helmholtz. 


24. Sommerfeld, Vorlesungen tiber Theoretische Physik, Akademische Verlags- 
gesellschaft, Leipzig, 1944, Bd. I, quoted henceforth as Vol. I. Inglish translation in 
press (Academic Press Inc., New York). 

See, e.g., J. L. Synge and B. A. Griffith, Principles of Mechanics, McGraw-Hill, 
New York, 1942 Sec. 10.5, 
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The components of the vortex vector in the system a, y, 2 are according 
to (8), (5), and (2) 

Le Dp 22 ee) 
ae aueca Ou O\be der "Nd aye 
A more complete analysis of this fundamental definition belongs also to 
the review of vector analysis in the following article. 

We turn now to the third partial motion s, indicated in the right 
hand part of our scheme (3). Here the deformability becomes significant, 
the two other partial motions having been recognized as the elements of 
the general motion of a rigid body. 

The displacement s, is a linear vector function of the position vector r, 


in the sense of Vol. I, 22.* We denote the components of s, by & , m2, £2; 
and introduce the notation 


& = (Ae + ExyY + Exh 
(10) M2 = Eyl 1 Cy TF Est; 


$2 €e2k + EzyY ae €n26 


The meaning of the coefficients €;, follows from (2) and (8): 


oy ' ox 
_ on = ee ve at) 
(11) Ey = oy A) €y. = Ezy = 2 Ey + oy p) 
_ manatee & af) 
Css G2? eS eS a7 a dz)" 


The quantities « are the components of the strain tensor. The tensor 
itself may be symbolized in a similar way as the moment of inertia in 
Vol. I, 22.13b’ by the quadratic array 


€xx Exy Exe 
( 12) (2S || Se Evy Exe 
€zx Ezy Ez, 


‘See, e.g., L. Brand, Vector and Tensor Analysis, Wiley, New York, 1947, §§60 and 
62. 


See, e.g., Synge and Griffith, op. cit., Sec. 11.3. 
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In the present case the tensor is symmetric (i.e., the components are 
symmetric to the main diagonal that connects the upper left and lower 
right corners), a fact which is an immediate consequence of the definition 
of the third partial motion s,’in (3). On the other hand, the scheme of 
coefficients of the partial motion s, represents an antisymmetric tensor. 
Its definition, given by Eq. (6) or Eq. (8) (the part between the vertical 
lines), yields the array 


(12a) = | o 0 fuel» Pix = Onc» 


Pez Pry 0 


and our change of notation ¢, = ¢,, = —¢%,, ete. establishes accordance 
with the double subscript notation introduced in (10). Note here that the 
antisymmetric tensor can always be represented by a vector, which is, of 
course, not true for a symmetric tensor, as will be proved in 2. 

In the analysis of the strain tensor we make use of the concept of the 
tensor quadric as in Vol. I, 22.15 in the analysis of the moment of inertia. 
Consider for this purpose the scalar product 


(13) Epsly = Exx8" te 2€,yLY aa Ey i= IG, Y; Z). 


By putting f(x, y, 2) = const, we obtain a surface of second order, the 
strain (or deformation) quadric, also called the ellipsoid of strain or of 
dilatation; this terminology, of course, does not exclude contraction, nor 
does it imply that the quadric is necessarily an ellipsoid as in the case of 
the inertia tensor. It may be any one of the surfaces of second order, e.g., 
a hyperboloid of one or two sheets or a degenerate surface such as a pair 
of planes. 

In order to decide this, we refer the strain quadric to its principal axes. 
Upon introducing the corresponding rectangular coordinates X, , X,, Xs, 
Eq. (13) takes the form 


(14) ECS ; DE ; X3) = PD & +t axe + oe = const. 
The coefficients €, , € , €; are called the principal extensions (or contractions, 
if negative). 


If (13) is used, the linear vector function (10) may be rewritten in the 
form 


1 1 il 
Ce) Se; es 


6 MECHANICS OF DEFORMABLE BODIES [I.1] 


and in terms of the principal coordinates we have the correspondingly 
simplified linear vector function 


1 oF _ 1 0F 
=. = oax eG Es = 99x, ~ 2%» 
1 : 
(16) 
1 OF 
Es = 2 Ox = €3.4 4 : 


The principal components of displacement =, introduced here are the pro- 
jections of the vector s, upon the principal axes X; . 

The proof of Helmholtz’s theorem has been completed by the estab- 
lishment of relations (16), which indicate that the third partial motion is 
composed of three extensions (contractions) in the mutually orthogonal 
directions of the principal axes of the deformation quadric. In fact, any 
point P of our volume element with coordinates X; in the principal system 
is carried over, according to (16), into a point P’ with coordinates 


(17) XE + ; = xX: + €;). 


The tensor quadric has been introduced here by formal definition, but 
a direct physical interpretation is possible when coordinate differentials 
or the equivalent: direction cosines are introduced in place of the co- 
ordinates x, y, z [see Eq. (4.21)]. 

We now proceed from the linear extensions e; to the cubical extension 
or dilatation © which is defined as the specific change of volume (i.e. the 
volume change per unit of original volume) 


mA’ — AV 
_ AV ; 


Here AV is the original and AV’ the expanded (or compressed) volume 
of the element. The calculation is easy for a volume element that has 
the shape of a rectangular cell with sides parallel to the principal axes. 
Let one corner coincide with the point 0 and denote the sides before and 
after dilatation by a; and a{ . Then AV = a,a,a; , AV’ = ajasai . According 
to (17), af = a,(1 + «,), therefore AV’ = AV(1 + e)(1 + e)(1 + 6) 
and, according to (18), 


(19) @=(+a)\1i+te\i+e) -—l=aatete. 


(The product terms have again been omitted.) 
The representation of 6 by (19) is valid in any Cartesian system: take 
for example the original system z, y, z. We assert that there is always 


(20) O = & + ey + Es, - 


(18) 3) 
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F or the proof we have to use certain properties of the transformation 
by which the surface f = const of Eq. (13) is transformed into F = const 
of Kkq. (14). Writing the transformation in the schematic form 


x y Zz 
————— La=1, Yas, =0 
X, | a By V1 
(21) (21a) af + 6i+7i = 1, 
X> Qe B, Y2 
aia, + Bibs + yiv2 = 0, --- 
X35 | as Bs Y3 


and reading the scheme (21) from left to right (i.e., solving for the X,), 
we obtain by substituting in (14) 


F= eX? = Dela + By + v2)’ 
= x a ea, + 2ry > e068; + y” 3 eB; + -°- 
This expression must be identical with (13), therefore 
Ere = aie, + aber + ares , 
(22) Evy = Bier + Bre2 + Baes ; 


2 2 2 
Ezz = Vie + Y2€2 + Yes « 


fry = a8 ,€, + a2Br€2 + a83€5 ’ 


(22a) = Biyier + Boyoe2 + dae, 


wn 
© 
a 

| 


€zz = YiO1€1 [te Y2Al2€2 + Y30is€3 - 


On adding Eqs. (22) and taking into account the orthogonality relations 
(21a), we finally obtain 


(23) Ger Tt €yy + Eee = €1 tO +6. 


The result is: The sum of the elements in the principal diagonal of the 
strain tensor is independent of the choice of the system of coordinates; it 
is an invariant of the tensor. In 4 this result will be supplemented by a 
search for all invariants of a tensor. Also the relations (22a) not fully 
exploited so far will reappear there. 

By (19), (20), and (11) the dilatation © can be put in the simple form 


(24) eS 
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Having established the geometrical significance of the principal ex- 
tensions e; , our next task is the geometrical interpretation of the general 
strain components e,, and e,, . For the diagonal components €,, , °°: the 
case is not different from that of the quantities €, , --- : €. 1s the increment 
in length of an x-fiber per unit of original length. If such a fiber is cut from 
the body between the points x = 0 and x = Al, its length after straining 
Al’ = Al + & — &, whence the specific change of length is 


AIb= Al. “86, 
Al > Aa 


But the last expression is seen to be equal to 


0& 


tie oe 


when we substitute the special values « = Al, y = 2 = 0 in Eq. (1). 

For the purpose of interpreting the components e¢,, we consider an 
“z,y-lamina”’ instead of an “x-fiber’. Let 0123 denote an infinitesimal 
rectangular part of the lamina with sides a and b (Fig. 1). In the process 


Fic. 1. Geometric interpretation of the strain 
component e,, as angular change in an originally 
orthogonal volume element, The diagram gives 
the projection in the x,y-plane. 


of straining, the points 0, 1, 2 are displaced to 0’, 1’, 2’, and the rectangle 
is deformed into a parallelogram. (Note that displacements in z-direction 
are disregarded; think of the strained figure as projected on the z,y-plane: 
the projection 3’ of the strained point 3 will then coincide with the fourth 
corner of the parallelogram subtended by 0’1’ and 0/2’, if higher order 
terms are omitted. Note the analogous omission also in the case of the 
€-2 -) The angles y, and y, indicated in Fig. 1 can now be calculated, again 
omitting higher order terms: 


Be m1 — No ‘1 — No On 
Siggy, 2 
bi ue Qiks 6, a Ox 
25 = te 4, = — os = Soe cece 
= ane b + nz — b oy 
> Ona era 
Nt = az” ay 2€2, 
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In this equation, subscripts on & 7 refer to the displaced points. The 
angle y = 7; + 72 is equal to the change of the originally right angle at 
0 due to the distortion of the rectangle 0123; e,, , which is half of that 
angle, is the shearing strain or, simply the shear. The quantities ¢,, and 
€., have the same significance relative to the y,z- and z,z-laminae. 

A short compilation of the more common notations of the strain 
tensor follows. 


This book AS 0 Cees ra is €xy = Eun Eyz = Ezy €zx = Exz 


Love and some 


American authors . @z2|€y,|@s2| Csy = Cys Cys = Cry Cen = Cre 
: 1) 1 1 i i 
Kirchhoff i Se ea Soe 2» 
irchhoff and Planck z, | y, | 2, 9 ty = 9 Ue |g Ue = 9 tl g % = aU 
: 1 1 1 
Some English authors e | f | g ad madl =e 
2 2 2 
Engineering usage . €e,| €,| € L a L v LU SS Le Y 2 Vio = Z ¥ 
zr uy vy 2 zy 9) yz 2) vz 9) zu Dp 22 2, xz 
The inclusion of the factor 4 in our definition of the e,, , -:- is sug- 
gested by the system of notation of general tensor analysis, but we shall 
see in 40 that Kirchhoff’s choice of the x, , --- which sets this factor in 


evidence has a certain advantage when simple expressions for energetic 
quantities are desired. 


2. Review of Vector Analysis 


Throughout this volume we shall make continual use of vector analysis, 
that is, calculus applied to vector quantities. Thus, while familiarity with 
vector algebra and with the basic concepts of vector analysis is assumed 
on the part of the reader, a clarification of some of the fundamental points 
seems appropriate. 

First, we repeat here the definition of vector and scalar given in Vol. I, 
following 22.6. A quantity is a vector if, in an orthogonal transformation 
of the coordinate system, it follows the same transformation rules as the 
position vector r = 2, y, 2; it is a scalar if it is invariant in such transforma- 
tions.° 

Let us put this definition to use in the proof that the quantity ©, de- 
rived from the vector s = 2, y, 2 in (1.24), is a scalar. We replace s by 


‘For this definition compare H. and B. S. Jeffreys, Methods of Mathematical 
Physics, Cambridge University Press, Cambridge, 1946, Chap. 2.023. 
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an arbitrary vector A = A, , A,, A.’ and consider instead of © more 
generally the quantity 


OA, 
Ox 


aA, 
oy 


(1) div A = 


aA, 
called the divergence of the vector field A. 
The invariance of div A, which we now prove, amounts to the following 
equality: 


PANU OA, eae 
dx’ ay’ dz’ 


div’ A = = div A 


For the sake of brevity, the coordinates, primed or unprimed, will be 
numbered rather than lettered. Transformation (1.21) reads in the simpli- 
fied notation 


Ly Le L3 

xy O11 “Aye Q13 oS Aya. = 63; ’ 

k 
(2) (2a) 

Xe | Qe Ole Qe3 by. Oy,As, = O42 - 
F 

, 

L3 | &31 Az2 O33 


il for t=] 


0 for tA 


For an arbitrary function U (2, , 2, , x3), which may at the same time be 
considered as a function of xj , x3 , x3 because of (2), one has 


oU = 0U OX, 
(8) Ox, = Ox, Ox.” 


This can be rewritten as 
) 0U 
(3a) eo PL 
k 
if the scheme of coefficients (2) is read vertically downward. According to 
our vector definition we may apply the transformation rule for r, that is 
In the original German text, vectors and their components are printed in the same 


Gothic types. The more usual way of making a typographical distinction between the 
two has been adopted for this translation. 
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the scheme (2), to the vector A. Thus, on reading (2) from left to right, 
it follows 


(4) Aj = DD apA, : 
7 _ 


We now identify the arbitrary function U in (3a) with the vector com- 
ponent A, . Doing this for 7 = 1, 2, 3 and adding leads us to 


OAt _ dA _ dA, 
Xan ~ XL an, ~ 2 2 ag, 


t 


Here the first member is div’ A and the last member div A if proper 
account is taken of the 6-symbol, hence the invariance of the divergence 
has been proved. The cubical dilatation (1.24) can now be written as 
6 = divs. 

The divergence operator derives a scalar from a vector. The gradient 
operator, on the other hand, is the simplest differential operator that 
derives a vector from a scalar. Denoting the scalar by U (a scalar point 
function as before), we construct the vector 


aU av av 


(5) Bat Ofer Ot, 


Its vector character follows at once from (8a) which can be written 
by means of the symbol “grad’’ 
(5a) grad! U = >> a, grad, U. 
k 
Thus the gradient transforms in the same way as the position vector. 


We now turn to the differential operation mtroduced in (1.9) for 
which the symbol “curl’’ is used. Writing (1.9) with this symbol, we have 


aA. _ aA, 


(6) R= curl, curl, A = By ree 


etc., 


where B stands for 2w° and A for v = u, v, w. Eq. (1.6) already contains 
a definition of the vector w. On setting as in (1.7) 


Ss, = v,At, @ = woAt, 
(1.6) is carried over into 


(7) Vi =o XP. 


8We shall later come back to this factor 4 that is now included in the definition of B. 
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The developments in | make it evident that the definition of @ by (6) 
lor (L.9)] agrees with that by (7) [or (1.6)]; this will be checked by direct 
ealeulation in problem I.1. 

Let us now write (7) with the same lettering as (6); we can again use 
B instead of 20, but we may use A also for v, , since in what follows we 
are only concerned with the vector character of this quantity and curl 
¥, is identical with curl v. In this way (7) becomes 


(7a) 2A =BXr. 


Our aim is to show that the quantity B has, at least in a certain sense, 
veetor character. Such a proof, which furnishes a better understanding of 
the concept “eur”, is by no means superfluous although it is omitted in 
most textbooks. 

The formal proof ean be based directly on the definition (6), im which 
case it amounts to a rather cumbersome caleulation (problem I, 2), but 
a clarification of the issue ean also be obtained if one starts from Eq. (7a).” 
There the components of B appear as coefficients of a linear vector function, 
like the quantities e;, in (1.10). Introducing double subscripts and num- 
bering the veetor components (instead of lettering), we write 


B= B, = By = —Bias ’ A; = A, ? 
(8) Bs = B, = Bis = = bay } Ay = A; } 
B, = B, = By = —B,,, Fe tae bree 


This notation for the components of B corresponds to the representation 
of @ by (1.12); in both cases the diagonal terms (B;; , ¢;;) vanish and 
the “vector” B is really an antisymmetric tensor like ¢. 

liq. (7a) now takes the simple form 


(9) 2A; = >. Bits 
k 


which we can check, say, for 7 = 1; we find 
24, = Dial = Bagi “fb Bingen + Bigeg — =—Biy of By — (B x ni: 


in agreement with (7a). 
In order to detine the quantities B for the rotated coordinate system 
x’, we write Eqs. (9) in this system ‘ 


(10) 2At = > Biwl: 
k 


*Note, however, that sq. (6) by no means implies Eq. (7a) in the case of a general 
vector field A. Observe the careful formulation of problem I.1. 
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and reintroduce x and A by 
Ly, = DS ants ) Ai = aA, 
l k 
according to (2). This transforms (10) into 


(11) 2 > anA, = »D, Do Binet: : 
i 


On substituting for the components A in the first member of this equation 
according to (9) which, obviously, can be written as 2A, = >>, Bua, by 
a mere relettering of the subscripts, Eq. (11) becomes 


aE De Brcesnes = a Do Bowie ; 


k 


which is an identity in the three independent variables x, , x, , 23 . By 
comparing the coefficients, the following three equations between the B 
and B’ are obtained 


(12) 2, Buen = pe Bietn ; L= 1, 2,3, 
i 


from which the B’ must be determined. This is done by multiplying Eqs. 
(12) with a;, and summing over |. The second members of (12) add up to 


(12a) SS, >) Bhewe;, => > Ba ye AyiQj, = >, Bae = Bi; : 
1 k k t k 
Thus the new components B’ have been found, viz. 
(18) ys > Bane; = Bi; . 
l k 


As it stands, each B’ is a linear function of all nine components B, but, 
with B,, = —B,, and B,, = 0, the number of terms reduces to three. 
Written more completely, the expressions for B’ are 


Bi, = Bz2(ai3a;2 a Q;2Q;5) ae Byi3(@inej3 a 0530051) 
(14) 
+ Boy (ej20¢41 me 0L;10t;2). 


Let us write out one of them, say, forz = 3,7 = 2: 


Bos — Boao(asge22 ae 032023) + B,3(as1023 a 033021) 
(15) 


+ Boi(agoa01 oo 01310la9) « 
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The coefficients of the quantities B in (15) are nothing else but the co- 
factors of the elements in the first row of the determinant of the trans- 
formation (2). Depending on whether this determinant is +1 or —1, the 
cofactors are equal or opposite to the elements to which they belong’” (see, 
e.g., Vol. I, problem I.10.). Eq. (15) may therefore be rewritten as 


+Bi = 0B, ate 2B, + 013B3 


where the single subscript notation has been reintroduced for the B. 
In the same way Bi and Bj are obtained. The result can be written in the 
form 


(16) B= > anbe 
i 


which is exactly the vector transformation rule of Eq. (4) except for the 
ambiguity of the sign. 

Two things can be learned from this result: 

1. The quantity B = curl A behaves like an ordinary (polar) vector in a 
rotation, that is, in an orthogonal coordinate transformation with determinant 
+1, hence the general use of the simple terminology “‘curl vector” which 
we shall also adopt. 

2. The curl is, strictly speaking, not a polar, but an axial vector for the 
following reason: In a transition from a dextral to a sinistral system or, more 
generally, in a rotation with a subsequent change of orientation (determinant 
—1) the new components of the curl are the negatives of the new components 
of the (polar) vector that represents the curl in the original system. 

We can now easily see why the use of double subscripts is an advantage 
in the foregoing proof: An axial vector is not appropriately represented by 
an arrow in the direction” of the axis; the correct symbol should be a 
circular arrow about the axis. In this way the plane of the circular arrow, 
say the y, z-plane, takes over the function of the z-axis, and a better way 
to write the left member of Eq. (6) would be 


aA, ay 
(17) curl,, A = By ae 


The notation curl, A represents the axial vector by a polar vector. This 
is possible in pure rotation according to 1. and is indeed quite often an 
aid to the imagination. 


In this connection a well-known and often applied rule may be men- 


Cf., e.g., Brand, op. cit., §149. 
“Jn fact, two orientations are possible and only one is chosen in accordance with 
the orientation of the coordinate system. 
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tioned that helps to keep in mind the structure of the expressions (6) or 
(17) and in particular the sequence of signs in those formulas. It reads: 


i j k 

0 te) re] 

18 = | — — — 

(18) curl A Ox oy 0z 
Ae Ay A, 


The letters i, j, k denote here unit vectors” in the directions of the z-, 
y-, z-axes. Multiplication with 0/dx, 0/dy, 0/dz means differentiation with 
respect to the corresponding variable. The expansion of the determinant 
(18) yields 


oe va) ice _ 2A.) aS r os) 
_ as ( oy dz TJ 62 Ox qe Ox dy /’ 


which represents the correct way to form the curl components. 

It should be noted, however, that the mapping of an axial upon a polar 
vector is possible only in three-dimensional space. This can be inferred 
from the number of components »v which is, of course, equal to the number 
of dimensions 7 in the case of the polar vector, while for an axial vector 
. in general 


1, 2 cet 


HD) for n 
= 


? 
Z ve= 051.3, 0; >: 
The number » is correlated with the double subscript notation of the 
axial vector: it is the number of combinations of the n directions in space 
in groups of two. That » coincides with n for n = 3 is, one might say, a 
coincidence. The number of components »y = 6 in four-dimensional space 
plays a decisive part in electrodynamics, where it coincides with the 
number of components of the electromagnetic field (3 electric + 3 magnetic 
components). 
We return to our starting point, Eq. (19), which we write in vector 
form 


1 


9 curl v. 


(19) o = 

The 1, j, k in the original German text have not been printed as vectors. The 
symbolic notation V = iV; + jV, + kV, has then the character of a “higher complex 
number” and indicates more strongly the conceptual relationship between vectors, 
ordinary complex numbers, and Hamilton’s quaternions. 
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It cannot be denied that the factor 3 in this formula is a flaw. The meaning 
of » is, as we know now, the whirl or rotation associated with the velocity 
distribution v. Our formal introduction of the symbol curl in (6) implies 
that the “physical rotation” is only half of the “mathematical rotation”. 
It is not feasible to remove this paradox by absorbing the factor 5 in the 
definition of the curl symbol; that would have the most uncomfortable 
consequences for general vector analysis, in particular for electrodynamics. 
Nothing can be done but to point out the flaw and apologize. 

The three operators grad, div, and curl have so far been defined by 
differential operations. There exists, however, a very convenient way of 
introducing div and curl by means of integral operations. Let us start 
with the divergence. 

Visualize the vector field A as a field of flow, that is, let magnitude 
and direction of the flow be given everywhere by the magnitude and 
direction of A. Let the field point P be surrounded by a closed surface 
and Ar be the enclosed volume. If 1 is the outward normal associated 
with the surface element dc, A, represents the outflow per unit of surface, 
normal to the surface. On forming (1/Ar) f A, do, the limit for vanishing 
Ar (or o) becomes 


(20) diy a / Ae 


4r-0 Ar 


The agreement between this definition and (1) is evident in the special 
case that Ar is chosen as a rectangular cell with center P and sides Az, 
Ay, Az (Fig. 2). If A, at the point x + Az is expanded after Taylor and 


nzAg (x0ln) 


Fic. 2. Calculation of div A by an integral over the surface of: an infinitesimal 
parallelepiped. 


higher powers of Az are neglected as before, one finds for the two x- 
surfaces (that is, the surfaces normal to the z-axis) 


| LL [ue Any = Ae [% Acondgetameg eon 
‘J On ox 

and two corresponding terms for the two pairs of y- and z-surfaces; alto- 

gether one obtains the expression for div A. In writing (20) mathema- 

ticians would add the proviso that the limit indicated therein actually 
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exists. This we have omitted, since the restrictions as to continuity im- 
posed on the vector field by such a proviso certainly would not be more 
severe than those which are inherent in definition (1). Thus, as a definition, 
(20) is certainly equivalent to (1); it should be preferred, however, as it is of 
a less formalistic nature. 

The curl can be defined by the following construction in our field of 
flow. Let an arbitrarily chosen, oriented line a pass through the point P; 
in the plane that contains P and is normal to a, draw a closed curve s 
surrounding P, and denote the enclosed area by Ac. Let A, be the com- 
ponent of A in direction of the arc element ds, taken in that sense of 
direction which forms a right hand screw with the axis a. Consider now 
the line integral ¢ A, ds, for which Lord Kelvin introduced the appropriate 
name circulation. The limit of the ratio of the circulation to the area Ac is 


(21) . cna Lim 5 $ eae 

The agreement of this definition with the previous one, (17), can again be 
seen quite easily if the curve s is appropriately chosen. Suppose one 
wants to verify (21) for the y, z-component of the curl. The line a then 
coincides with the + z-direction, and s may be chosen as a rectangle 
with center P and sides Ay, Az (see Fig. 3). On expanding the contributions 


Fic. 3. Calculation of curl A by a line in- 
tegral over an orthogonal circuit. 


of each pair of sides as before, the first pair (which is parallel to the y-axis) 
yields 


[ A.ao= f (-Ase + 2) + 4,0) dy = — SF ayae, 


Oz 
[ Av ds = 22 nyse 


Altogether one obtains according to (21) 


and the second pair 


aA, _ a4, 


curl, A = curl,, A = ay Ee 
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The other:components come out if the line a is made to coincide with the 
other coordinate axes, and the results are found by cyclic permutation 
(“rotation’’) of the letters. 

The ‘integral’ definitions put geometrical meaning into the operators 
div and curl previously introduced by formal analytic means, but a 
visualization of the operation grad U is still lacking. Imagine for this 
purpose the level surfaces (that is, the surfaces U = const) and their ortho- 
gonal trajectories marked in space. The direction of the gradient is every- 
where tangential to the trajectory; its magnitude, 9U/dn, expresses itself 
in the concentration of the level surfaces as they follow each other: for 
constant 6U, dU/dn is the larger, the smaller 6n. 

Compared with the original definitions (1), (5), and (17), the advantage 
of the geometrical definitions is not only their less formalistic nature, but 
also their validity in general coordinates, which permits in particular an 
easy transition to any required system of curvilinear orthogonal coordinates 

We show this for the general case of a system of three mutually 
orthogonal families of surfaces, while the more elementary special cases 
such as polar coordinates will be treated in prob. I.3. Let p, , pe , ps be 
the parameters of the three families of surfaces. As a consequence of the 
mutual orthogonality, the analytic expression for the square of the distance 
of two neighbored points contains no mixed terms of the type dp; dp, . 
Following the notation g;, of the general theory of relativity, we denote 
the coefficients of the quadratic terms by g; , so that the square of the 
element of length is 


(22) ds’ = gi dp; + gi dp; + 9; dp; , 


which implies in particular the following expressions for the differentials 
in the three coordinate directions: 


(23) ds, =gidp,, ds,=g,dp,, ds; = gs dp3. 


These expressions replace dx, dy, dz, if orthogonal curvilinear coordinates 
are used instead of the usual Cartesian coordinates. The components of 
the gradient, heretofore 
aU dU aU 
on Ue ae 

now become a . 

10U 10U.1 aU 
(24) grad U = — —— ,— — , —-—. 

9: OP: ’ G2 Op2’ gs Ops 
The expression for the divergence in the new coordinates is obtaincd from 
(20) if the volume Ar is chosen as an infinitesimal cell with (curvilinear) 
sides As, , As, , As, : 
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1 
Gi 9293 


(25) dina ~{;2 (gogacd i) Ee sy (a 1,) 7 (age An} 


The expression for the 1-component of the curl is obtained by choosing 
the surface that contains the “rectangular” circuit orthogonal to the co- 
ordinate direction p, : 


Sel 8(gsAs) = 8(g2 Ao) 
(26) curl, A = mal = i GaAs) | 


The 2- and 3-components follow by “rotating” the numbers 1, 2, 3. 


3. The Theorems of Gauss, Stokes, and Green 


It is not difficult to proceed from the integral definitions of divergence 
and curl in (2.20) and (2.21) to the integral theorems of Gauss and Stokes. 

Let the vector field A be differentiable inside the closed surface o so 
as to establish the value of div A everywhere in the interior. The following 
integral relation then constitutes Gauss’s theorem: 


(1) / div Ad: = il A, do. 


Here n is the outward” normal associated with the surface element de. 

To prove this relation we divide the volume 7 in a number of small 
cells Ar,, ; in accordance with the mathematical definition of the definite 
integral, a set of such divisions with decreasing cell size may be used to 
write the first member of (1) as the limit 


m= M 
(la) ; Lim >) div A Ar,, , 
M-20 m=0 
where the value of div A may be taken at an arbitrary point of the cell 
Ar, . If the integral definition (2.20) is substituted for div A the sum in 
(1a) becomes 


(1b) 2 Atn Lim > - | A, do. 


Ar-0 


There is no objection against writing the factor Ar,, , which is still finite, 
to the right of the limit sign; also the summation, which so far refers only 


BThis convention may cause some inconvenience, as in the case A = grad U, where 
aU /an is then in general not defined outside of ¢; we may, however, replace dU /an by 
—dU/dn' where n’ is now the inward normal. 
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to a finite number of terms, may be interchanged with the limit sign. 
The expression (1b) then takes the form 


Atm 
(1c) Lim ares = of A, do. 
4r-0 m 
Let it now be agreed upon that the cell A7 which serves to define the di- 
vergence be identical with the cell Ar,, that belongs to the definite integral. ‘. 
At the same time let us write do,, instead of do, to indicate that dz,, is 
now an element of the surface of Ar,, . After these changes (1c) becomes 


(14) Lim x f 4. i 


Atm70 


In carrying out the summation over m the parts of the o,,-surfaces that 
lie inside o cancel each other in pairs because of the opposite signs of the 
normals n. Only the contributions of the surface elements that are ad- 
jacent to the o-surface are left over; hence the sum in (1d) may simply 
be written 


(le) [ A, do, 


where the integral refers to the surface of the originally given region in 
space as in the integral (1). Since this integral is independent of the division 
into cells A7z,, , the limiting process required in (1d) does not change any- 
thing, neither does the summation required in (la). Expression (le), as 
it stands, is therefore the value of the expression (la) which, in turn, 
was only another way of writing the volume integral on the left side of 
(1). Since (le) is identical with the right member of (1), everything is 
proved. 

The formal proof of Gauss’s theorem usually found in textbooks is 
based on a partial integration in rectangular coordinates; it can be re- 
placed, as we have seen, by an argument that uses only the general princi- 
ples of integral calculus and vector analysis. The same is true for Stokes’s 
theorem, for which we shall outline only the general idea of the proof, 
referring to the foregoing for the formal details. 

In terms of fluid flow, the second member of (1) means the outflow 
through the boundary surface (inflow, if negative). The first member of 
(1) represents the algebraic sum of the strengths of all sources or sinks, 
continuously distributed throughout the interior. The equality of the two 
members is thus intuitively evident. 


“To be sure, this means that the limiting processes Ar > 0 and Atm > 0 (or m > ~) 
are carried out simultaneously, whereas the two processes should be carried out inde- 
pendently according to (1b). 
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In Stokes’s theorem we consider an arbitrary, in general curved, surface 
o bounded by a closed, oriented curve s (circuit). At each surface element 
do construct the normal » and let it point in the direction that forms a 
right hand screw with the orientation of s.. The content of Stokes’s theorem 
is then: For any vector field A, continuous in the neighborhood of c, 


(2) / shige ee $ ee 


For a proof divide o into small surface elements that can be considered as 
parts of the associated tangential planes, and let their boundaries s,, be 
oriented in accordance with the orientation of s. Write down equation (2.21) 
for each of the elements Ac,, , multiply with Ac,, and sum over m. This 
leads to 


(3) Lim >> curl, A Ac, = Lim 3 > Lim an 4, dsp. 
mo ™m moo m Ac-0 

On making Ac = Ag,, and proceeding as in Eqs. (la)-(1d), the contribu- 
tions of all internal boundaries cancel each other, since each segment 
belongs to two adjacent surface elements and is therefore traversed twice 
in opposite directions. Only the contributions of the external boundaries 
remain and sum up to the line integral on the right hand side of (2). In 
terms of fluid flow, Eq. (2) states: the circulation around the boundary 
- curve s equals the flux of the vortex vector through an arbitrary surface ¢ 
subtended by s. , 

The integral taken over the boundary curve vanishes if the surface 
integral in Stokes’s theorem refers to a closed surface. We indicate this 
as follows: 


(4) | $ curl, Ado = 0 


where we assume, of course, the continuity of curl A, a point which has 
been emphasized before. 

If the vector A is, in particular, chosen as a gradient, A = grad U, say, 
then the differential expression 


(5) A,ds = A,dx + A, dy + A, dz 
becomes a total differential dU. In this case 
(6) $ ners 


for any boundary curve. The first member of (2) must then vanish for 
any surface o and any normal direction n. This implies that quite generally 


(7) curl grad U = 0, 
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a formula which can also be read from the differential definition of the 
curl, Eq. (2.6). 

The equation curl A = 0, written in rectangular coordinates, is equiv- 
alent to the three conditions for the differential expression A, dx + A, dy + 
A, dz to be a total differential [see Eq. (5)]. These same conditions already 
appeared in Vol. I, Eq. (18.17) for the existence of a potential in a force 
field; they can now be written in the comprehensive form curl A = 0. 

Note, by the way, that the operation curl grad has a well defined 
meaning, but grad curl has not, since the gradient, by its definition, cannot 
be applied to a vector. 

When Gauss’s theorem is applied to a curl vector, that is, when curl B 
is substituted for A in (1), the right member of (1) becomes an integral 
of the form (4), hence it vanishes. Consequently the expression on the 
left side of (1) is zero for any closed surface o in r. This means that generally 


(8) div curl B = 0, 


an identity which can also be read directly from the differential definition 
(2.1) and (2.6). Again the converse symbol curl div B carries no meaning 
since the operation curl cannot be applied to a scalar. 

Let us also have a look at the symbols div grad and grad div. The 
first applies to a scalar, say U. We write 


(9) div grad U = VU. 
In Cartesian coordinates the operator V’” is 
a” a | a 
2 — ee a — 
(9a) V = an oy” + ae” c 


In orthogonal curvilinear coordinates Pi » P2 , ps the relations (2.24) and 
(2.25) yield 


1 0 0U 0 0U 0 oU 
Ce es) 
( ) 919293 \Opr gi OP; + ODe J2 OPo a Ops gs Ops 


The symbol V’” is called the Laplace Operator or Laplacian, also the 
second differential parameter. The first differential parameter is defined by 


pu = (vu) = (22) + (22) + (2) 
(9e) 
1 (20) 4 3, (8UY' 1, (a0) 
gi \Op, “ gz \Op> sf gs \Ops/ 


Both symbols operate on scalar point functions. Other notations for the 
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Laplacian are A’ and A, the latter mainly in French and German litera- 
ture.”” 

The converse symbol, grad div, applies to vectors. Let it here be 
sufficient to mention that it appears in the useful formula 


(10) curl curl A = grad div A — VA. 


Caution is necessary in the application of (10) since in this formula the 
symbol V* = div grad operates on a vector, contrary to its definition. 
Actually, the formula refers to the Cartesian components of the vector A, 
and Y* operates on the individual component of A, considered as a 
scalar. Accordingly, the proof of (10) must be carried out in Cartesian 
coordinates and consists in checking the equality of the two members by 
an easy calculation; the operator V can also be used. 

Formula (10), conversely, serves to transform into general coordinates 


the quantity VA, which so far is only known for Cartesian components. 
We define 


(10a) V’A = grad div A — curl curl A. 


The right member is known in arbitrary orthogonal coordinates ac- 

cording to (2.24)-(2.26) so as to give a definite meaning to the left member. 

We shall see this procedure applied in 9, after Eq. (18). In problem I.4 

we discuss and interpret the difference between the correctly and in- 
correctly calculated components of VA in cylindrical coordinates. 

| We turn now to Green’s theorem’® which occupies a unique place among 


The sign \V/ (read ‘‘del’’ or ‘‘nabla’’, the latter being the name of a Hebrew musical 
instrument of inverted triangular shape) is symbolically defined by 


Ze a 0 
= —-+k—. 
V J ay +k, 
V7? is meant as a scalar product: 
ay ie Ge 
2 : = ; 
The product of V7 with a scalar ¢ is the gradient of y: The scalar product VA, if 
evaluated according to the formal rules of vector algebra, gives the divergence of A: 
@A, , dA, , 0A 
A= ee iv A. 
ae Ox ae oy a5 Oz 


The vector product \7 X A means, accordingly, the curl of A; one obtains, with 


ix j= —j Xi =k, i-i = 0, etc., as in (2.18b), 
_ (24: — 20 ie = es) ie a aA) 7 
vxa=i(%4 ose. as, aie As 


16George Green, An Essay on the Application of Mathematical Analysis to the Theortes 
of Electricity and Magnetism, published in Nottingham, 1828. The theorem is an- 
nounced and established in full generality in art. 3 of this paper, the calculations are, 
of course, carried out in (Cartesian) coordinates, not in vectors. The notations U, V, 
used in (11), are Green’s, 
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the vector-analytic integral theorems. Its applications in mathematical 
physics are very numerous. It is of fundamental importance in potential 
theory for which Green first devised it; indispensable in hydrodynamics, 
electrodynamics, and optics, it is also highly useful in pure mathematics. 
Riemann based his theory of complex functions upon the two-dimensional 
form of Green’s theorem; it is likely to turn up at any time in the calculus 
of variations and in the theory of eigenfunctions and integral equations. 
Green proved his theorem by partial integrations as it is often done at 
present. We shall derive it more simply from Gauss’s theorem which, 
apparently, was not known to Green. Let U and V be two scalar point 
functions satisfying the necessary continuity requirements (existence of 
the second and continuity of the first partial derivatives) and substitute 
for A in (1) 


(11) A = U grad V — V grad U, 
and, consequently, for A, 
OV oU 


We calculate” 

(18a) div (U grad V) = grad U - grad V + U div grad V, 

(13b) div (V grad U) = grad V - grad U + V div grad U 

and find for div A from (11) 

(14) div A = U div grad V — V divgrad U = U V?V — V V’U. 
On using (14) and (12), Gauss’s theorem (1) becomes 


; +y — vv'u) ar = f (ve — v2) 
(15) [ wv - vv°U) ar [ive v5") de, 


which constitutes Green’s theorem in tts first form. (Unfortunately, the 
nomenclature is not uniform. Many authors refer to (15) as Green’s second 
formula which seems to be the preferred usage in current American 
literature.) 

Green’s theorem is correct for any two functions U and V and any 
boundary o of the volume r. Note that the positive direction of n points 
outward. i 

It was assumed so far that the volume 7 has only one exterior boundary 
surface. If an inner boundary exists also as in the case of a body with 


“For an arbitrary scalar y and an arbitrary vector A one easily verifies the formula 
div yA = ydiv A+ A: grad y. 
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one or more cavities, the integration on the right side of (15) must include 
the inner boundary. This happens in particular if the interior contains 
points where one of the functions U or V becomes infinite or otherwise 
singular, so that these points must be excluded from the integration by 
inner boundaries o; . The corresponding integrals then appear in addition 
on the right side of (15). 

If one substitutes A = U grad V, that is, A, = UdV/dn in Gauss’s 
theorem, (1) becomes on account of (13a) 


(16) | erad U - grad V dr + | UV’V dr = / Ue ae 


which constitutes the second form of Green’s theorem (or Green’s first 
formula if the other terminology is used). On identifying U and V one 
obtains the form 


(16a) [vuy ar + fuvua =| ue wo, 


which contains both differential parameters (9b, c). 

The last identity leads directly to conclusions of fundamental im- 
portance in potential theory, which is, mathematically speaking, nothing 
else but the theory of the differential equation 


ly) vo 0 


the solutions of which are known as harmonic or potential functions. 
From formula (16a) one derives at once the following lemma: A potentzal 
function that vanishes on a closed surface o and is regular inside, vanishes 
everywhere in the interior of o. In fact, Eq. (16a) implies 


(17a) il (ytd oe Oeeenieidocg 


because of (17) and the boundary condition U = 0; but (17a) requires 
VU = 0, the integrand being non-negative. This means U = const, 
and since U vanishes on ao, U = 0. 

The uniqueness of solution of the boundary value problem of potential 
theory can also be proved by means of (16a). We formulate this problem 
as follows: required an integral U of (17) that assumes given values on a 
given boundary surface and is regular everywhere inside. If there were 
two solutions U, and U, satisfying the conditions of the problem, the 
difference U = U, — U, would satisfy the conditions of the foregoing 
lemma; thus U = 0 inside o as before, and U; = Uz. 

The result holds, with a slight modification, also in the case that 
instead of U the normal derivative 0U/dn is prescribed on the boundary 
(see problem I.5). 
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These few remarks should give a general idea of the scope of Green’s 
theorem; 20 will bring a characteristic example of how it is put to work. 


4, Some Remarks on Tensor Analysis 


One distinguishes between symmetric, antisymmetric, and general or 
asymmetric tensors. A general tensor can be considered as the sum of a 
symmetric and an antisymmetric tensor in exactly the same way as the 
coefficients a,, in 1. The antisymmetric tensor, in turn, is representable 
by an (axial) vector as in (1.12a), hence we have only to deal with sym- 
metric tensors in this article. As we shall limit our discussion to second 
order tensors (i.e. tensors whose components carry not more than two 
subscripts), the representation (1.12) of the strain tensor may be taken 
as a starting point. Our remarks will be formulated so as to refer to the 
strain tensor, but they are of course valid for any symmetric tensor of 
second order, in particular for the stress and friction tensors of Chapter IT. 

The behavior of a tensor in a transformation of coordinates, which is 
so closely connected with the general significance of the tensor concept, 
can be studied either by means of its representation through the scheme 
of coefficients of a linear vector function as in (1.10), or by means of its 
relation to the tensor quadric (1.13). In rewriting these two equations we 
replace x, y, 2 by 2%, , 22; Us } Gu») Gey» °°° DY xz 3 the special vector em 
N2 y & by the general vector symbol A with components A, , A, , As , 
and obtain: 


(1) A; = = EcKUE 5 (2) Ss +3. €5,0;L, = const. 
k a k 

We compare these with the transformed equations 

Gi) At = Do euazi, (2’) >» d éaxix!, = const, 
k y i ™ 


in order to find the relations that connect the tensor components « and é’. 
We shall again use the relations between the vector components x, A and 
x’, A’ known from (2.2), viz. 


(3) Ai = D QnAy ; A, = py, a Aj, , 
k 


(A) Ct, = a 1:27 , Le = pS Calas 
L ™m 


The comparison of (1) with (1’) need not be carried out here, since the 
procedure is formally identical with the transformation of the anti- 
symmetric tensor, carried out in (2.9)-(2.13); one has only to write e;, 
instead of B;,, A instead of 2A, and to observe that the antisymmetry of 
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the B is not made use of until (2.14). Then the result (2.13) reads in the 
present notation 


(5) €f; = 3 SS . 
C i k 


This same result can also be obtained by comparison of (2) with (2’): 
Substitute, according to (4), x; and x, in (2) and reverse the order of sum- 
mation. The expression SS Se Bs os, € 5701 iAmeLL,, = const must be 
identical with (2’), therefore 


(6) ln = pene tins | 
a k 


which is indeed the same as (5), except for the lettering of the subscripts. 

The second method to establish the transformation rules is, of course, 
much simpler, but could not have been applied in the case of the anti- 
symmetric tensor of rotation. The attempt to associate a quadric with 
such a tensor fails as the quadric vanishes identically: the coefficients of 
the squares vanish (¢;, = 0), the product terms cancel in pairs because 
of Pik = Pri - 

Our result (6) may be expressed in form of the following proposition: 
The components of the symmetric tensor transform as the products and 
squares of the coordinates, a statement which, conversely, can be considered 

as the definition of a tensor. The corresponding statement for a polar 
~ vector would be: The components transform as the coordinates themselves. 

Eqs. (6) are generalizations of our previous relations (1.22) and 
(1.22a); they are sums of six terms, while (1.22) and (1.22a) are sums of 
three terms. The reason is evidently that the strain tensor was assumed 
in “diagonal form’’, that is, referred to its principal axes. But a rectangular 
cell cut parallel to the principal axes remains rectangular after straining; 
its angular changes and, therefore, its shears vanish. Thus three of the 
six tensor components in (6) are zero whenever the e refer to principal 
axes. 

We shall now discuss the invariants of a tensor, supplementing what 
was learned in Eq. (1.23) about the invariance of the diagonal sum, and 
prove first that the determinant of the coefficients of the quadric (2) is 
invariant in orthogonal coordinate transformations. 

Denoting the determinant by D we have to show 


€11 €12 €13 


(7) D = | € 6&2» ~&3| = D’, 
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where D’ stands for the determinant of the ¢’ in Eq. (6). The proof is 
based on the multiplication theorem for determinants, which we apply 
here as follows: when the determinant of the ¢ is multiplied with the 
determinant of the transformation coefficients a, the result can again be 
written as a determinant whose elements 6,, are D3 €:,0:; . On multi- 
plying the determinant of the 8 once more with the determinant of the 
a, the elements of the resulting determinant are 


aS BriQm = » ae €5,01ikme « 
k k ‘ 


According to (6) this is identical with the transformed tensor component 
e;,, , the determinant of which was denoted by D’. Thus we have found 


(7a) D’ = D- | an: | | Amik I, 


but this does not differ from assertion (7) as the determinant of the a 
equals unity. 

When the surface f = 3 See x;x, = const is orthogonally trans- 
formed into f’ = >> > ei.) = const, the quadratic form 9 = >> 2; 
is transformed into g’ = >> x?’. (The “circle at infinity” ¢ = 0 which is 
the gauge quadric of Euclidean metric, transforms into itself in ortho- 
gonal transformations.) Consequently a specified quadric of the family 
f + Ae = const transforms into f’ + Av’ = const and the parameter \ 
has the same value in these two equations of the same surface of second 
order. But since the determinant of the coefficients of this surface is also 
invariant, it follows that 


€:1 +A E12 €13 
(8) Dy = | €21 €22 +2 €23 = Dx ’ 
€31 €32 €33 om tk 


and this must hold for any choice of the arbitrary parameter \. Thus a 
generalization of (7) has been proved. 
The determinant D, may now be expanded in powers of X, 


(8a) D, = D + -rA + 370 + 2°. 


Here © is our previous diagonal sum of (1.23) and A the quadratic ex- 
pression 


(9) A= €11€22 + €o0€s3 + €33€11 — €12€21 — €o3€32 — €37€13 - 


On doing the same with Dx and denoting the coefficients by DA’, CO in 
analogy to (8a), we obtain because of (8) 


D+A + 70 +? = D! + dA’ + 0! 4 2d}, 
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This must hold for any value of \, therefore 
(10) D=D’, =A’, 0=@. 


The symmetrical tensor possesses three invariants, that is, three characteristic 
scalars that are independent of the incidental way in which the tensor is 
represented by its components. The geometrical relations between the in- 
variants and the tensor quadric are the object of problem I.6. The in- 
variant © is, in mechanical interpretation, equivalent to the cubical 
dilatation, as previously shown. In general, 6 is known as the first scalar 
or spur of the tensor. 

The preceding argument relates to quadratic forms in a general way 
and must be valid for the antisymmetric as well as for the symmetric 
tensor. Hence, also the antisymmetric tensor ought to have three in- 
variants, but the invariant © is identically zero (the diagonal terms 
vanish) and the determinant D vanishes (so does any antisymmetric de- 
terminant of odd order). There remains only the invariant A for which 
(9) supplies the special form 


(11) A= eas aa G1 SP oe , 


which is equal to the sum of squares of the components of the associated 
axial vector. Hence in the case of the axial vector only one quantity exists 
that is independent of the chorce of the coordinate system, exactly as in the 
case of the polar vector. For the polar vector this is the length and for 
the axial vector the magnitude of the ‘‘twist’’, which equals the length 
of the polar vector by which the axial vector is represented. 

As in the case of the moment of inertia’® (Vol. I, Fig. 40 a, b, c), we 
shall now discuss some particular cases of the tensor quadric. The sig- 
nificance of a spherical tensor quadric is evident. In terms of strain it 
means uniform extension or contraction in all directions: no shears occur 
since every axis may be considered as principal axis; all right angles are 
preserved. 

Unidirectional extension, e.g., in x-direction with vanishing extensions 
in all directions normal to x is associated with the quadric x’ = const, 
which is a pair of planes. Note, however, that this is not the state of 
strain caused by unidirectional stress in z-direction, since an additional 
contraction normal to x is produced in that case. The strain quadric is 
then a hyperboloid of one sheet, axisymmetric with respect to the x-axis. 

A state of strain that presents some interest arises when the points 
of the body are displaced along concentric circles about an invariable axis 
in such a way that the displacements are inversely proportional to the 


Cf, Synge and Griffith, op. cit.; Sec. 11.3 contains a table. 
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distance from the axis, r. It prompts itself to introduce cylindrical co- 
ordinates and to define the displacement vector by 

A 
(12) s, = 0, Sept as s, = 0. 

The strain components in the same coordinates are determined on the 
basis of formulas (26) and (28) to be derived presently; they are correct 
for arbitrary orthogonal curvilinear coordinates and yield in the present 
case 
(13) ‘4 Sa aa Grr = Cpe = Exe = Eps = 6, = 0. 

We now write the tensor quadric for a point 7, g, z in (local) coordinates 
&, n, ¢ oriented parallel to the increments dr, dg, dz: 


(14) 2e,,£n = const. 


The coefficient ¢«,, varies with the distance 7, but has a fixed value in 
Eq. (14), which refers to a certain point of the body. We may then include 
the factor 2e,, in the constant, and have instead of (14) 


(15) én = const, 


an equilateral hyperbola. Hence the tensor quadric is quite generally an 
equilateral hyperbolic cylinder. The axes of the hyperbola (15) form an 
angle of 45° with the asymptotes § = 0, 7 = 0. 

A volume element cut parallel to dr, dg, dz is after straining in a state 


€4 
SS En 2-€y 
‘ 
4? 


Fic. 4b. The princi- 
pal strains form an 

Fic. 4a. In the state of pure shear an originally angle of 45° with the 
rectangular volume element is transformed into a_ directions of the shear 
rhomboid. and are equal and op- 
posite to each other. 


é : 
"dr 


of pure shear. The face that originally had four right angles is distorted 
into a rhomboid-like shape (see Fig. 4a). By setting 


S(r) = S + 4s, s(r + dr) = & + 56s, (y = const) 


it is seen that only 6s contributes to the distortion, while the effect of so 
is a mere translation (not indicated in the figure). On the other hand, the 
volume element drawn in Fig. 4b which is oriented parallel to the principal 
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axes of the tensor quadric is not only free of shear strain (as required by 
the definition of the principal axes) but also free of dilatation.” 

This is a consequence of the “equilateral shape” of the tensor quadric: 
from (13) it is seen that the spur © vanishes; hence it must also vanish 
for the volume element cut parallel to the principal axes (invariance of 
the spur). Since © = e, + e, + ¢, and e, = ¢,, = 0, we have g = —@. 
The state of pure shear is characterized by opposite principal extensions. 

In conclusion we derive the formulas that express the strain tensor in 
curvilinear coordinates (we have already used them to obtain (13)). These 
formulas cannot be written down in such a direct way as those for grad, 
div, and curl in Eqs. (2.24)-(2.26), because there exists no definition of the 
tensor that is intuitively meaningful or carries self-evident geometrical 
invariance such as the definitions of grad, div, curl in 2. The following 
analysis’ should make up for that and contribute to a deeper understanding 
of the tensor quadric. It is somewhat laborious, but will prove a great help 
later, e.g. in the torsion problem, 42. 

Let ds be the distance of two neighboring points P and P’ of the 
medium under consideration, let dz, dy, dz be the differences of their 
Cartesian and dp, , dp, , dp; the differences of their curvilinear coordinates. 
According to (2.22) one has 


(16) ds* = dx’ + dy’ + dz’? = gi dp: + gi dp; + gs dp; . 


In the deformation of the medium all points suffer displacements given 
by (1.10), which we shall now denote by 6q. By dq we denote, on the other 


p’ d +5dq Fic. 5. To illustrate the transformation of the strain tensor 
q in general orthogonal coordinates: a line element dq is shifted 
dq Q along the displacement vector 6q. 
p* 84 


hand, the relative position vector of two neighboring points before the 
deformation, so that |dq| = ds. The symbol déq denotes the change 
of the displacement 6q caused by the transition d from one field point to 
a neighboring field point. With the notation of Fig. 5, this is the difference 
of the displacement vectors P’Q’ and PQ. The symbol 6dq means, again 
in terms of Fig. 5, the change of the position vector PP’ caused by the 


W’Note also that this state of strain is formally the same as in a bar of circular cross 
section subjected to torsion, but the generators of the tensor quadric are perpendicular 
to the bar axis in the latter case [compare (4.13) with (42.3)]. 

*»Cf. E. Beltrami, Annali di Mathematica 10, 188 (1881). Opere Mathematiche, 
III, 383. 
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displacement operation 6, which carries P into Q and P’ into Q’; édq is 
thus the difference of the position vectors QQ’ and PP’, after and before 
deformation. But the quadrilateral PQQ’P’ supplies the vector relation 
PP’ + P'Q’ = PQ + QQ’ or P'Q’ — PQ = QQ’ — PP’, which is equivalent 
to the commutative relation 


(17) déq = 6dq. 
We return now to (1.10) and have in Cartesian coordinates 


(déx = e,, du + e,, dy + €,2 de, 


(18) déq =déy = ¢«,, dx + €,, dy + «,, dz, 


déz = ¢,, dx + e,, dy + €,, dz. 


These relations give the change of the displacement déq as a linear 
vector function of the Cartesian components of the vector dq. If we 
decompose dq into its curvilinear components given by (2.23), viz. 


(19) ds, = gdp, ; ds, = g2Ap2 ; ds, = g3dps 


we obtain again a linear vector function for déq the coefficients of which 
are the tensor components we look for: 


(das, = 6147 ds, + €12 ds, + €13 dsz 5] 
(20) déq = dds, = €9) ds; + €02 ds, + €93 ds; ) 


ddsz = €3, AS; + €g2 As. + €33 dss . 


Our task is to calculate the “curvilinear tensor components” e;, from the 
displacement components 69, , 6g. , 6g3 in directions 7p, , pz , p3 a8 in (1.11). 

We first determine in Cartesian coordinates the change of the square 
of the element of length ds’ produced by the displacement 6g. From 
(16), (17), and (18) we infer 


46 ds’ = dxidx + dyédy + dzédz 
(21) = €,, dx’ + «,, dy’ + €,, dz’ 


+ 2¢,, dx dy + 2e;, dy dz + 2e,, dz dx. 


The last member is identical with the polynomial of the tensor quadric 
except for the notation of the variables dz, dy, dz that replace the former 
x, y, 2. The first member of (21) may be written in the form ds éds. On 
dividing by ds” we obtain éds/ds which is the extension of the ds-fiber per 
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unit of length; the variables are now the quantities dx/ds, dy/ds, dz/ds. 
Hence the tensor quadric gives directly the specific extension of the ds-fiber 
in terms of the direction cosines dx/ds, dy/ds, dz/ds and thus lends in- 
tuitive physical meaning to the concept of the symmetrical tensor. 

The procedure leading to Eq. (21) can just as well be carried out in 
curvilinear coordinates p, , p2, ps. Using (19) we write the length element 
in the form ds* = ds; + ds; + ds; . Eqs. (20) and (17) then yield 


26 ds’ = ds, éds, + ds. dds. + ds; dds, 


(22) = (sit ds} + €22 ds} + €33 dss 


ae Der ds, ds, 4- Denn ds» ds; -. 2€31 ds; ds, . 


On dividing this equation by ds” the extension of the ds-fiber is obtained 
as before. 

The required relations between the e,, and the displacement com- 
ponents 6g, are now obtained by the direct calculation of 46ds” in terms 
of the ds; and subsequent comparison with the right member of (22). 
Writing (16) in condensed form, we obtain first 


(22a) 4 dds’ = 91g. 59: dpi + Do gi dp: ddp; . 


Here we have to express the variations, imposed on the coefficients g; and 
on the coordinate differentials dp; by the displacement 6q, in terms of the 
variations and differentials of the coordinates themselves; in other words, 
we have to substitute in (22a) 

06p; 


09g; 
6g; = = a Spx ; ddp; = dip; = 2 aps dp, 


and obtain 


O6p, 
(23) 4 dds” DOD », oe A + Dg ap, OP Be - 


Now we are ready to introduce the ds; . According to (19), we write 
ds;/g; for the dp; . The “curvilinear” displacement components 6p; are 
obviously connected with the components 6g; by 


6g: = g:SD: , or 6dx = 9rOD; - 
In this way the first of the two sums on the right side of (23) becomes 


84x 99: ds? : 
oe) xX » GiGx ODi 
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the second sum becomes 
SS >) gi 9 (222) ds, ds, 
i t Gr OP. \ Gi 
or, on carrying out the differentiations, 
ge Ee an 0g: 
23b ds; ds a8 ds, . 


Now we can compare the coefficients of ds; ds, in (22) with those in the 
sum of (23a) and (23b). Let us do this first for the diagonal terms: the co- 
efficient of a specified ds; in (23a) is 
bgr, 99: 
24 ae, 
( ) % GiGx ODx 
in (23b), &k must be identified with the given 7. The coefficient is then 
simply 
i 064q; 8q; 0g: 
24b ee ee 
( ) gi Op; gi OD; 
Upon adding (24a) and (24b), two terms cancel and one obtains 
1 /d6q; 5q, 242) 
1 (2 4. ys A 20), 
2) gi \ Op; = kat Gr OD, 


This, then, is the value of e;; . Written in extenso, (25) means 


; ees 82 Og ta 24) 
i Ay Daa 


gi \ Op; go OP2 = ga.-: OD 
1 (08q. , 893 0g2 , 5% ay 
26 = (254 5qs 902 4 qs 9s 
( ) = Jo \ Oo gs ODs gi Opi 


aa ae (ee 6g; 99s 6q2 ots) 
ey Te . 
: Js \ ODs gi: OP, J2 Ope 


In the determination of the shears ¢;, , we note first that (23a) gives 
no contribution. In (23b), either sum yields two terms if 7 and k are 


specified, viz. one term : - - ds; ds, and another --- ds, ds; . This amounts 
to the four term expression 
108g, , Ldém 861 (64.2 20. as 
27 LS re ae 0] 
2 Ji OP gi Op; GiGe ah _ Op: 


which, on the other hand, equals 2e,;, . If we write (27) in extenso, we 
obtain 
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i —— = » ( 26s 242) 
a 2\go Ope i g: Op, 29192 oh a oe oq. 


1/1 68q , 1 284s) 1 (sa. 201 20s) 
28 se 2 > ia 
( ) Se = 2 9s Ops + 9 Os 29093 _ d3 


ae d5g, , 1 = ie ( 2th 201), 
Fe i a gl aw 5 5 
€31 2 1 Op, + 93 Op; nn % 3 ‘Aes 1 


Formulas (26) and (28) can be cast in a much more comprehensive 
form if the notation of general tensor calculus is employed as in Appendix I. 

For the present we apply these formulas only to verify our Eqs. (18). 
If we specify the p, as cylindrical coordinates by setting p, = 7, pz = 9, 
p; = 2, it follows that g. = g; = 1, g. = r, and the displacement (12) 
reads 


A 

6g, = 6q3; = 0, eee : 

As a consequence, only those terms in (26) and (28) contribute something 
that contain 6g, or 06q,/dp, and do not have a vanishing coefficient 
dg:/Op, (note that all these derivatives vanish except 0g./dp, which 
equals unity). Only e,. contains such terms, viz. 


_1 dim = _1A age og,_ 1A 
Te Tr a ee) 
Thus the system (26) and (28) reduces in our case to: ¢,. = —A/r’, and 


all other e vanish, in agreement with (13). 
Let us finally interpret the displacement field (12) as a velocity field 
by setting 


(29) . La. 2) = 


This motion is of fundamental importance in the theory of vortices. We 
shall see that it is 7rrotational wherever r > 0, that is, at all points outside 
the axis. This is true in spite of our inclination to ‘‘see”’ (29) as a whirl 
about the axis r = 0. The steady motion characterized by the velocity 
distribution (29) is known as a circulating motion, also as a (straight) line 
vortex or simple vortex. The latter terminology makes it evident that the 
points of the axis have a particular significance: they form a vortex line, 
that is, a concentrated vortex filament. This will be discussed more fully 
in 19, p. 140, where the irrotationality of the vortex motion will also be 
shown; the latter point, however, can be verified right now by means of 
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the tabulated answer to problem I.3. One has only to identify our vector 
(29) with the vector A in the formulas giving the curl components in 
cylindrical coordinates. 

The tensor concept has been developed in this article by studying the 
behavior of a tensor in the transition from one Cartesian coordinate system 
to another. If more general transformations are to be considered, the 
methods of general tensor analysis must be employed of which a short 
account is found in Appendix I-IV. 


CHAPTER II 


STATICS OF DEFORMABLE BODIES 


3. Concept of Stress; General Classification of Deformable Bodies 


The term statics will be used throughout this book in the same sense 
as in the mechanics of a finite number of degrees of freedom, where it 
was applied according to the following definition: Statics treats of the 
forces to which matter is subjected regardless of the motion caused by 
them (cf. Vol. I, 5). 

One distinguishes between external and internal forces. Once a me- 
chanical system has been delimited, the internal forces of the system are 
those which obey Newton’s third law (equality of action and reaction). 
Among the external forces, gravity and centrifugal force’ are commonly en- 
countered in mechanics of deformable bodies. Capillary forces occur also; 
they act between internal and surface molecules or between a solid 
boundary and the molecules of the surrounding fluid. Examples of internal . 
forces are the reactions (tension and pressure forces, surface forces) that 
have their origin in the distribution of matter over a limited space. They 
play the most important part” in the mechanics of deformable bodies. 

In solids the reactions measured per unit of area are known as stresses; 
in the case of fluids we usually speak of pressures (negative stresses); 
both have the dimension of a force per unit area, dyne/cm’ in the CGS 
system. 

To analyze the stress concept in the case of an elastic solid, we imagine 
a plane surface cutting through the body and consider the interaction 
between the two parts of the body across this surface. In Fig. 6 such a 
surface of separation has been drawn normal to the z-axis, and the two 
parts of the body have been disjoined for the sake of clarity in the drawing. 
On the part to the left a “positive x-surface” has been marked by cross 
hatching. (A surface with an outward normal pointing in the positive z- 
direction is called positive x-surface for brevity.) We assume the x-surface 


1The proper place for the centrifugal force, which is an inertia effect, is in dynamics 
(Chap. III), but it may be considered in statics since it is equivalent to an external 
force for an observer moving with the body. 

°The distinction between external and internal forces in a specified system does not 
in general coincide with the distinction between forces of physical origin (impressed 
forces) and forces of geometrical origin (due to spatial constraints to which the system 
is subjected). 
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in this figure bounded in the shape of a rectangle with the sides Ay, Az. 
The z-surface bounding the right part of the body, which in reality co- 
incides with the positive z-surface, has also been cross hatched. It is a 
negative xz-surface since its outward normal points in the negative z- 
direction. 

Consider now the forces which the negative x-surface exerts upon the 
positive x-surface. When these forces are parallel to the positive x-direction 
we speak of a positive normal stress o,, ; its magnitude equals the sum of 
the forces divided by the area AyAz. In general, however, the total force 
will by no means be perpendicular to the z-surface. We then resolve the 
force and the associated stress into components in the positive x-, y-, and 
z-directions. The y and z components are known as tangential or shear 
stresses and denoted by o., , oz, . This notation indicates the position of 
the surface by the first subscript and the direction of the stress by the 
second. 

The principle of action and reaction requires us to draw for the right 
part in Fig. 6 the stress arrows that act across the negative «x-surface in 


Gey Oxx 


Fic. 6. Normal and shear stresses acting on a volume element of an elastic body. 
Positive and negative z-surfaces. 


opposite direction. A positive o,, means here a stress in the negative 
k-direction. The same is true for the negative x-surface of the body element 
in the left part of the figure which is obtained by a mere displacement 
(through — Az) of the negative x-surface considered before. In speaking 
of the entirety of quantities o;, characteristic for a volume element, we 
use the term stress tensor although the proof of the tensor character will 
be given in 8 only, by showing the symmetry of the o;,, and their trans- 
formation rules. The term stress tensor is, by the way, redundant since 
the word tensor in itself implies tension. 

The forces exerted by the surrounding elements of the body may be 
directed either toward the exterior or the interior of the body element 
under consideration. In the latter case (compression) it is more appropriate 
to speak of pressures than of stresses. We shall, however, retain the uniform 
terminology ‘‘stress” in the case of an elastic solid, and consider pressures 
as negative stresses. 
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Not so in the case of fluids. The cohesive forces in a fluid are weak, 
its “ultimate strength” under ordinary circumstances is exceedingly small 
if compared with that of a solid. In other words, the resistance of fluids 
against tension is so small that positive stresses practically never occur; 
we then prefer to deal in our equations with pressures p rather than stresses 
o. In a sketch such as Fig. 6, the positive p,, would have to be drawn as 
an arrow directed inward.° 

The totality of pressures p,, acting upon a fluid element will again be 
called a tensor. There is, however, an essential difference between the 
normal pressures p,;; and the tangential pressures p,, , at least in the state 
of rest or of slow motion. A fluid layer may be moved along the adjacent 
layer without expenditure of a noticeable amount of energy provided the 
motion is slow; this means that the tangential pressures p;, are quite small 
if the two layers are slowly displaced parallel to each other. By extension, 
we must assume that the tangential pressures vanish altogether in the 
state of rest. In this way a fundamental simplification of the pressure 
tensor p is accomplished which will be applied in 6 (hydrostatics). 

For larger relative velocities of the fluid particles the complete pressure 
tensor must be studied and its dependence on the velocity gradient in- 
vestigated. This will be done in 10 (viscous flow). 

The concept of the fluid state is meant to cover also gases and vapors, 
the latter two being characterized by larger compressibility. Fluids in the 
restricted sense, or liquids, are essentially incompressible. Of course, they 
yield to a certain extent if subjected to strong external forces, but their 
compressibility is very small in comparison with gases or vapors and can 
be neglected in a great number of problems; so is water often considered 
as incompressible. 

The condition for incompressibility reads 8 = O according to (1.24); 
on passing from the displacement vector s to the velocity vector V as in 
(1.7), we obtain the relation 


(1) | div v = 0, 


expressing the fact that the balance of outflow and inflow for a given volume 
element Ar is zero at any time. If Am denotes the mass contained in Ar, 
we have 


(2) Am = pAr 
where p stands for the density. For homogeneous incompressible fluids p 


is constant in time as well as in space. 


3It is only consequent to invert the direction of the arrows also for pry , Prz , etc. SO 
that pz, is counted positive if it points in the negative y-direction. This rule will be fol- 
lowed from now on. 
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What corresponds to Eq. (1) in the case of a compressible fluid where 
not the volume but the mass is preserved? The mass Am cannot decrease 
unless part of it passes through the boundary of the volume element Ar. 
The mass flow at any point of its boundary is represented by the normal 
component of the vector pv. The total outflow of mass during the time 
element Af is therefore [cf. e.g. (2.20)] 


(3) ji pede At = diene 


On the other hand, the loss of mass during the same time is found from 
(2) as 


dp 
at AtAr. 


Comparison with (3) yields the following condition for the conservation of 
mass 


(4) oo + div (pv) = 0, 


also known under the name of equation of continuity. It may be written 
in the form: 


(4a) et pdivv =0 


The first term in this equation is the material differential quotient which 
will be discussed more fully at the beginning of 11. Its definition is 
dp _ ap 
(4b) a At +v- grad p. 
If p is constant in time and space, Eq. (4) takes again the form of the 
incompressibility condition (1). In an incompressible inhomogeneous fluid 
(p variable in space) we have by (4b) 


ap _ 1 
(4c) ree that is a ae grad p, 


which describes the temporal fluctuations of p at a fixed point of ob- 
servation, while the material rate of change of p vanishes. 
We add here Eqs. (1), (4), and (4a) spelled out in Cartesian coordinates: 


! au a, ow _ 
(1’) ae” dy ane eo 
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oe) a Ox + oy dz oD 
dp 2 av ou) a 
=) dp) \og et a) 


In problems involving capillary forces we are concerned with the fluid 
layers that are closest to the surface (surface film). The surface of separation 
introduced previously (see Fig. 6) is now to be replaced by a linear cut 
through the film. The object is again to study the reaction forces transferred 
from one bank of the cut to the other. Referring the forces to the unit 
length of the cut we speak of surface tension; its dimension is dyne/cm. 


6. Equilibrium of Incompressible Fluids (Hydrostatics). 


The subject of this section is, of course, not only water (“hydor” in 
Greek) but any liquid in equilibrium since differences in the rheological 
characteristics have no bearing on the state of rest: shear stresses, as already 
observed, are zero in equilibrium, or 


(1) jie = 0, a 7 k. 


This equation actually amounts to a definition of the fluid in the state of 
rest—in contrast to the state of solidification: glass which has no crystalline 
structure must be characterized physically as a fluid in the solid state for 
which Eq. (1) is, of course, incorrect. 

A fundamental conclusion from (1) is that the hydrostatic pressure is 
associated with a spherical tensor quadric. Any diameter of the quadric 
may be taken as a principal axis, because (1) must be true in any coordinate 
system. The complete symmetry of the tensor of hydrostatic pressure can 
be expressed as follows. At a given point the pressure acts on any surface 
element in the direction of its normal 1, its magnitude being the same for all 
directions 1; P11 = Poo = P33 for any three orthogonal directions. Pascal’, 
it appears, was the first to perceive this law. 

We can summarize this result in the statement that the hydrostatic 
pressure is a scalar quantity. It will be denoted by p, as is usually done 
with omission of the subscripts that are now abundant. Note that there 
is no preferential loading of the horizontal cross sections if a vertical force 
such as gravity acts on the fluid; the same pressure p is transferred 


‘Blaise Pascal (1624-1662), the great geometer (Pascal’s theorem) and mathemati- 
cian (Pascal’s triangle, foundation of the calculus of probabilities), a great writer and 
theologian too; he studied the laws of air pressure and at his instigation the first barg- 
metrical determination of an altitude was carried out. 
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through any cross-section (also a vertical one). The unidirectional char- 
acter of the force does not interfere with the symmetry of the pressure. 

In order to calculate the pressure if magnitude and direction of the 
external force are given, let F denote the external force per unit of fluid 
volume, so that the dimension of F is dyne/ em*. Then the volume element 
Ar is acted upon by the force FAr. On delimiting the volume element as 
rectangular cell (Ar = AxAyAz) and marking the negative z-surface by 
the value x of the z-coordinate and, consequently, the positive x-surface 
by x + Az, the forces in positive x-direction are: 


on the neg. x-surface onthe pos. z-surface onthe vol. element 
(2) p(x) Ay dz —p(x + Ax) Aydz F,Ar 


The first and second contributions add up to 
_ op ae 
(3a) 5, AeAyde = — 2 Ar 
and yield after division by Ar 
_ op ane 
(3b) ae + F,=0; 


this can be written in the form 
(4) grad p = F, 


which is correct for any direction at any point of the liquid. 

The relations (3b) or (4) for the force components obviously constitute 
a necessary condition for the equilibrium. From statics of rigid bodies a 
second condition is known requiring that the resultant moment be zero. 
This condition must also apply to non-rigid bodies, for, if we remove or 
relax the internal constraints of a rigid mechanical system, we obtain a 
non-rigid system with a vastly increased number of degrees of freedom. 
Hence, quite generally, any equilabriwm condition for a rigid body must be 
valid a fortiori for a deformable body. 

It is, however, easily seen that the second or moment equilibrium 
condition is automatically fulfilled in the case of a liquid. The normal 
pressure cannot produce a moment about any axis. Moments about the 
z-axis, for instance, could be produced only by the shearing stresses p,, 
and p., , but they vanish. The external force F cannot produce a moment 
either; this is certainly true when we assumé a continuous distribution of 
lines of force; such a distribution can be always considered as parallel in 
any infinitesimal region (the field of gravity is a simple example for what 
is meant). If, on the other hand, the lines of the field F have a singular 
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point at our volume element (a point where the field lines intersect), then 
F must needs vanish there, and so does the moment of F. Eq. (4) is in 
fact not only a necessary but also a sufficient condition of equilibrium. 

Eq. (4) includes a very remarkable theorem: equilibrium is only possible 
af the external force has a potential, that is, if F can be represented as the 
gradient of a scalar function. In this case we may write 


(5) F = — grad U 


where the minus sign is prompted by the relation to the potential energy, 
ef. Vol. I, appendix to 18.° The existence of the potential function U is 
not sufficient, U must also be single valued within the space occupied by 
the liquid. Only under this assumption is it possible to calculate p from 
(4) as a single-valued scalar point function in the form 


(6) p + U = const. 


The integration constant in (6) must be determined by special conventions 
concerning the normalization of the potential and the pressure. 

Postponing the further discussion of this theorem to the end of this 
article, we deal for the present with the regular case in which the force 
F has a single-valued potential and take gravity as an example. Let 
z = 0 be the surface of the liquid (call it ‘‘water” for simplicity) and orient 
the positive z-axis vertically downward. Then 


(7a) F = F,k; F, = pg = 7, 
(7b) U = —pgz = —¥z. 


Here y(= pg) denotes the specific weight of the water as distinguished 
from the specific mass or density p. In writing (7b) the arbitrary constant 
in U has been adjusted so as to give zero potential at the surface. We 
obtain now from (6) 


(8) p = yz + const, 


where const is the pressure value at the surface z = 0, equal to the at- 
mospheric pressure; however, p can also be given the meaning of the 
overpressure relative to the atmosphere (gauge pressure), which is more 
convenient for what follows. Let p have this meaning, then (8) becomes 


(8a) p= ¥2. 


This equation contains the well known elementary rules about com- 
municating vessels, viz. equal pressure at equal depth in each of the 


See e.g., T. C. Slater and N. H. Frank, Mechanics, McGraw-Hill, New York, 1947, 
Sec. JII,2. 


44 MECHANICS OF DEFORMABLE BODIES {II.6] 


intervonnected vessels regatdless of shape. The same equation may also 
be obtained directly from the differential formula (4). One follows the 
shape of the vessel along a broken line consisting of a series ot vertical 
and horigental segments inside the water and integrates. Along the hori- 
eontal segments ep = 0, along the vertival ones dp = y dz. Summation of 
the vertiert contributions gives immediately p = yz at the depth z. 

Let us insert here a few basie numerical constants: normal atmospheric 
pressure = Té em Hg, density of Hg 13.596 gr em*; hence from (8a), 
Peon = THX 18.596 X ¢g ge em? = 1083 9 X gr’em® = 1.033 kg-wt. ‘em’. 
One em? of a water surface earries a pressure load of about 1 kg-weight 
which makes 10 metric tons perm’, The height of a water column corre- 
sponding te 76 em Hg would be 10.53m, since for this height Dee 
Wwss X LX g gr em® = 1.083 kg-wt. em* where p = 1 has been used. 

We new vousider an example that combines centrifugal foree and 
gravity: a liquid in a drum (eentrifuge) rotates with constant angular 
velovity w about a vertical axis. The centrifugal foree per unit of volume is 


9) F = Fx; F, = prw'; ris a unit vector 1 to the axis. 
lis potential is given by 


(9a) ps2 ; ora’, 


The total potential of gravity and centrifugal foree is (exeept for a con- 
stant) given by 


een a 
) ~ 2 ™ 29/° 
From (@), the pressure in the rotating hquid is found as 
rw 

(10) p= r(: + =) + const. 


Teo determine the constant in (10) let us first mark the water level in the 
axis of the drum, Le. at r = 0, by zo. If p is again the overpressure, we 
have for 2 = z and r = 0 from (10) 


0 = y2o + const, const = —+y2p 


and in general 
Reet 
rw 
(11) p= (= — a+ re), 
29 
The free surtaee, characterized by p = 0, has the equation 


9) pe ae 
(12) a —-8=G 


re 
g 
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It is the well known paraboloid of rotation indicated in Fig. 7. Since z is 
positive downward, z — z is the ordinate of the parabolic meridian curve 
counted positive upward. On denoting by A the difference of the water 
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Fig. 7, The paraboloid sur- Fic. 8. The equilibrium of a prismatic hull. The 
face of a fluid mass in rota- buoyancy is the resultant of all pressure forces acting 
tion. The rise along the wall on the surface. 
can be considered as velocity 
head. 


levels at the circumference and the center, and by v the circumferential 
velocity, h appears in the well known form of the velocity head, 


(13) k= . 


The surfaces of constant pressure are congruent paraboloids, obtained by 
displacing the free surface vertically downward. 

Next we turn to the problem of the equilibrium of a boat where again 
gravity is the only external force present. Fig. 8 represents a cross section 
normal to the longitudinal axis of the boat (positive y-axis forward). Let us 
think of the hull as a cylindrical surface with generatrices parallel to the 
y-axis. S is the center of mass of the boat, C the center of mass of the 
displaced water or of the “displacement’’, when the boat is upright. 

Defining the buoyancy of the boat as the resultant of all pressure 
forces acting upon the wetted surface, we can show that this resultant 
passes through C. The point C is thus called the center of buoyancy. 

Let do be a surface element of the hull. According to the simplified 
form of the hull, do = ds dy where ds is the line element of the cross 
section. The pressure yz acts in line with the surface normal of do, thus 
the pressure force is yz do and its vertical component is yz do cos (n, 2), 
where 7 is the inward normal of dc. With do cos (n, 2) being numerically 
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equal to the projection of do upon the horizontal, the vertical component 
of the force element can be written yz dx dy. The buoyancy is then found 
as 


(14) B=y{ dv dy =r, 


where V is the volume of the displacement; B = yV expresses, of course, 
the principle of Archimedes. The vector B points vertically upward and 
its line of action is obtained in exactly the same way as if the elements 
ve dx dy were vertical vectors; B can therefore be found as the resultant 
of the gravity forces that act upon the columns zdzdy and thus passes 
through the center of gravity C of the displacement. In equilibrium, C’ 
and S lie on the same vertical and B balances the weight of the boat W 
as indicated in Fig. 8. 

The condition B = yV = W determines the draught of the boat; 
naturally, the draught increases with the ship load. Note that also the 
horizontal components of the pressure forces acting on two opposite 
elements do, and de, at the same depth z balance each other. This remains 
true, even if the boat is unsymmetrically loaded, and follows imme- 
diately from the equality of the two projections upon the vertical plane 
eos (7, , 2) doy cos (M , x) doy . 

We now want to learn something about the oscillations of the boat 
if the equilibrium position is disturbed. This is still a question well within 
the bounds of hydrostatics; for, in good approximation to reality, we may 
assume that the pressure distribution at any phase of the motion does 
not differ greatly from the hydrostatic pressure distribution that would 
prevail if this phase were a possible rest position. 

Let us apply this idea to the rolling motion of the boat (rotation 
about the longitudinal or y-axis). The symmetry plane of the boat now 
subtends a variable angle with the vertical which will be denoted by #. 
During the roll the shape of the displacement and the position of C will 
change. Assume a roll of small amplitude and let C’ be the center of mass 
of the displacement at the end of the roll, C’”’ the corresponding point 
when the roll has gone in the opposite direction. Let 91 be the center of 
curvature of the curve C’C C” at the point C. (In Fig. 9, 9% has been 
constructed in an approximate way by intersecting the normals at the 
points C’ and C”.) This point 9% is known as the metacenter. Our figure 
illustrates the instant of the motion when the buoyancy B passes through 
C". As it is, B is to the right of the weight ‘vector W which always passes 
through S. The moment M of the couple formed by B and W is indicated 
in the figure by a circular arrow that acts so as to decrease the angle of 
roll &. This is the necessary and sufficient condition for the stability of 
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the boat. It is fulfilled whenever the metacenter 91 is above the center of 
mass S, (so drawn in the figure). If 9% were below S, the moment M 
would tend to increase the disturbance and finally make the boat capsize. 


Fre. 9. Metacenter and restoring moment for the tilted hull. 


The distance between S and OM is called the metacentric height h. 
According to the figure one has for small # 


|M| = M, = hW sine ~ awe. 


The differential equation of the rolling motion is therefore the same as 
that of a compound pendulum (see e.g. Vol. I, 16).° With © denoting the 
moment of inertia of the boat about its longitudinal axis, 


(15) 6s = M, = —hWs, 


and the circular frequency of the oscillations 


(16) p= ee 


Practical values of A are about 3 to 5 times the distance CS. 

The validity of the foregoing is limited, strictly speaking, to in- 
finitesimal amplitudes, where only one metacenter 9% has to be con- 
sidered. 91 is actually the limiting position of the metacenter for ? — 0. 
In naval architecture one has to investigate the stability also for finite 3 
values, and takes into account that the point 9% moves in reference to 
the boat when @ changes. 

We now turn to a discussion of what happens in a field of force that 
has no single-valued potential. Instead of an exposition in general terms 


6Cf. Synge and Griffith, op. cit., Sec. 7.2. 


48 MECHANICS OF DEFORMABLE BODIES [11.6] 


let us consider a simple example which can be easily shown in an actual 
experiment. A weakly conducting fluid such as a solution of CuSO, is 
placed in a shallow cylindrical container with insulating bottom and 
conducting side wall. A copper wire runs along the axis of the container. 
A potential difference of a few volts is put between center wire and side 
wall so as to maintain a current flowing from the axis through the fluid 
and spreading out toward the wall. Let J be the current and J the vector of 
the current density, | J| being the current passing radially through the 
unit of area at the distance r from the axis. Obviously 
Hf 

where /: is the height of the fluid layer. Now we impose a fairly homo- 
geneous magnetic field H whose lines of force pass perpendicularly through 
the fluid layer. The electromagnetic force acting upon a fluid element of 
unit volume is then given by 


(18) F=JXH, 


a vector that is normal to J and H and points therefore in the tangential 
direction. On introducing the polar angle ¢ and considering (17) and (18), 
we have 


(19) [Fl=Fy.= 


This force has the potential 
(20) U = —Ag. 


The negative gradient of U taken with respect to the cylindrical co- 
ordinates r, z is indeed zero and for the ¢-direction 


Yet this potential is obviously not single-valued in the (doubly connected!) 
domain of the fluid, since it changes its value by the amount 2A for 
each revolution of the variable » about the axis r = 0. 

Since the hydrostatic pressure must be a single-valued point function, 
a pressure distribution that balances this potential in the sense of Eq. 
(6) cannot exist. Hence the fluid yields to the force F, and begins to 
move. The velocity pattern of the motion is the single-vortex motion 
described in (4.29); the circumferential velocity is in our case 
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where ¢ is the time through which the magnetic field has been acting and 
p the density of the fluid. The velocity would grow continually if there 
were no friction. 

The mathematician who studies a multi-valued function tries to 
arrange its set of values in a number of different branches. He leads an 
appropriate cut through the domain of definition of the function to re- 
strict the possible types of curves along which the independent variable 
may be changed, and thereby establishes a single-valued branch of the 
function. We can do the analogous thing in our experiment by putting 
a separating wall (wood or cardboard) into the fluid between the axis 
and the side wall. The fluid builds up on one side and recedes from the 
other, and the potential is now a single-valued function in the domain 
of the fluid; a hydrostatic pressure p = Ag is built up so as to balance 
the potential U, and the motion stops. The pressure distribution can be 
inferred from the shape of the surface; on one side of the separating wall, 
the level is by the amount 27A higher than on the other side. The level 
difference is thus equal to the modulus of periodicity of the potential. 


7. Statics of Compressible Fluids 


The density of compressible gases and vapors depends on the pressure. 
Let the relation between the two have the form p = Cp” which can be set 
up in reference to a normal state po , po as follows: 


(1) an = 5 ee 


The curve corresponding to this equation is known in technical and 
astrophysical applications as a polytrope; n is called the polytropic ex- 
ponent. 

In the isothermal state (constant temperature throughout the fluid), 
n equals 1. This is an immediate consequence of the equation of state 


R 
=e 
(2) Dane 


where R = universal gas constant, » = molar weight’ of the gas (e.g., 


7As is well known the number of grams in a mole equals the sum of the atomic 
weights of the gas. Instead of molar weight the term molecular weight is frequently 
used, but we wish to save this term in order to apply it to the actual weight (or more 
properly, the mass) of the single molecule. As R. W. Pohl has pointed out (Z.f.Phys., 
121, 543, 1943) the definition of the mole depends on the definition of the unit of mass. 
If gr is replaced by kg, the mole changes into the “kilomole”. The molar volume and 
Losehmidt’s number per mole (Avogadro’s number) change correspondingly (see later). 
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uw = 32 er for 0,), 7 = absolute temperature. In the adiabatic state (con- 
vective equilibrium such as results from a vigorous mixing process without 
heat exchange) n = 1.4 for diatomic gases.* In aeronautics a mean value 
of n = 1.2 is sometimes assumed (polytropic exponent of the atmosphere, 
see below). 

It is known that the exponent n = 1.4 of the adiabatic state is equal 
to the ratio c,/c, of the specific heats at constant pressure and constant 
volume. This ratio follows from the first law of thermodynamics by means 
of an application of classical statistics (equipartition theorem of energy). 
The theoretical value is obtained as c,/c, = 1 + 2/f, where f is the number 
of degrees of freedom of the gas molecule. For a diatomic molecule such 
as N, or O, this number equals 5 (three degrees of freedom of translation 
and two of rotation; the rotation about the line connecting the two atoms 
cannot be excited for quantum-theoretical reasons), hence the value 
n=1-+ 2/5 = 14. 

In the case of a compressible fluid, it is convenient to follow a different 
convention in measuring the external force. Previously referred to the 
unit of volume and denoted by F, we refer the external force now to the 
unit of mass and denote it by P. Thus 


(3a) FAr = PAm, hence F = pP. 

In the case of gravity where | F| = pg we have simply 

(3b) +/P| =P, = +4, 

the sign depending on the choice of the orientation of the z-axis; in the 
case of the centrifugal force where | F| = prw’ as in (6.9) we have 

(4) [P| =:1re%. 


The advantage of the new notation becomes apparent if we consider the 


In CGS units the gas constant R = 8.31 X 10’ erg/centigrade: on the other hand, if 
one uses Meter-Kilogram-Second (MKS) units as Pohl does, the powers of ten drop out. 
In the same way as the unit of force in the MKS system is defined by 1 Dyne = 10° dyne, 
we can introduce as unit of energy in the MKS system 
1 Erg = 1 M’KS? = 1M - 1 Dyn = 10’ erg = 1 Joule. 

The gas constant is then R = 8.31 Erg/centigrade. - Cf. the remarks about MKS-units 
in Vol. I, end of 1, also Slater and Frank, op. cit., Sec. 1.5. 

*The pressure distribution within the gaseous mass is such that an arbitrary 


adiabatic displacement of a particle does not disturb its temperature equilibrium with 
the neighboring particles, cf. problem II,la. 
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equilibrium condition (6.4) which is correct for both compressible and 
incompressible fluids. It reads now 


(5) “grad ae 


where the second member is a known quantity and the first member can 
be expressed in terms of cither p or p, if a :p, p-relation is known. 
For the p,p-relation (1), Eq. 5 takes the form 


1/n 1—(1/n) 
— = Po 
(6) grad? =P, where (6a) oo pu, Llyn) 


The same Eq. (6) is correct for any non-polytropic p,p-relation provided 
we explain the quantity ® by 


(6b) e= [ 2. 


Here A is a fixed point, B is the variable field point with coordinates 
et, 2. 

In the same way as (6.4), Eq. (6) implies that in a compressible fluid, 
too, equilibrium is only possible when the external force, that is in the present 
case, the external force per unit of mass P, has a potential. On denoting 
the potential by V, we draw from (6) 


_) 6|C grad (0 + V) = 0, o + V = const. 


For the field of gravity V = gz, where z is counted positive upward. 
When the polytropic relation (1) is used, P is given by (6), and the second 
relation (7) takes the form 


ih = 1 


l/n 
(8) Po _ yo he: _ 


(const — gz). 
Po 


At z = 0, p = po (reference pressure). The constant in (8) is found from 
Po/Po = const (n — 1)/n. Eq. (8) can then be written as 


- n/(n—1) 
(9) p=nii-® 1 2 ga) 


as 1/(n=1) 
(9a) p= m1 eeiice:) pa 2) 
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Formulas (9) and (9a) represent the distribution of pressure and density 
in a polytropic atmosphere; its altitude h can be determined by setting 
p = Oorp = 0: 


a ae 
(9b) i" 
By reintroducing hf in (9) and (9a) these equations can now be simplified 
and read 


Z n/(n—1) 2 1/(nm—-1) 
(10) p= pol 1 ae 2) > p= na = £) 


The distribution of the temperature can be found when the ratio p/p is 
calculated from (10) and the equation of state (2) is applied: 


2 pea eee 
(11) RT =p - (1 2), 


According to this, the temperature distribution in the polytropic at- 
mosphere is a linear function of the altitude, dropping from 7) = upo/pok 
to T = 0 between z = O andz = h. 

Numerical results for the altitude of the polytropic atmosphere are 
found from (9b): in the adiabatic case, n = 1.4, the altitude is only 28 
km; in the polytropic case, when one chooses n = 1.2, one obtains 48 
km; the altitude of the isothermal atmosphere is, of course, infinite. 

The assumption 7’ = const is not permissible for the entire atmos- 
phere. In the troposphere, the lowest part of the atmosphere, there is a 
very noticeable temperature lapse as one goes up; in the stratosphere, 
the temperature first remains constant over a considerable interval and 
increases later on. The boundary between troposphere and stratosphere 
is located at an average height of 12 km, at the poles it is lower than at 
the equator. For minor altitude differences the assumption of constant 
temperature may be maintained. The pressure and density distribution 
resulting in this case is well known under the name of the barometric 
formula. Since this formula is of general interest, it will be derived directly 
from the fundamental Eq. (5). 


On setting P, = —g and writing (2) in the form 
(12) p=Cp, C=F5, 


we obtain from (5) 
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This gives on integration 


(13) log p = —Cgz + log po , 
where pp is the pressure at the ground (z = 0); on solving for p, one has 
(14) 2 = poe °"* = Deore 


The same formula holds for the distribution of the density [comp. (12) or 
p/po = p/Pol: 


(15) p= poe ET 


According to (18), the altitude may be read directly from a barometer if 
the instrument is furnished with an appropriate scale.* 

One can interpret Eq. (15) in the sense of a sedimentation equilibrium 
of the air masses. It was Jean Perrin who successfully applied this idea 
to make a laboratory model of the atmosphere using a homogeneous 
emulsion of mastic droplets in water. His aim was to determine in this 
way a fundamental constant of atomic theory. That this can be done is 
evident as soon as yw in Eq. (15) is replaced by Lm, where L is Loschmidt’s” 
(or Avogadro’s) number, i.e. the number of molecules per mole, and m 
is the mass of the single molecule; mg would therefore be the molecular 
weight in the proper sense of the word. Eq. (15) then becomes 


—Lmgz/RT 


(15a) ee 


While it is impossible to measure directly m of an actual molecule, Per- 
rin’s model gas permits of a direct determination of zts m (e.g. by weighing 
a sufficiently large number of mastic droplets). Eq. (15a) can then be 


8Eiq. (14) or (15) can be derived from the general Eq. (9) or (9a) by making n ap- 
proach the limit 1 and using 
m 
eo bihne (1 + =| : 
m7 m 
Sometimes one uses the term “‘Loschmidt’s number”’ in the sense of the number of 
molecules per cm* and distinguishes it from ‘“Avogadro’s number’ =number of mole- 
cules per mole, a definition of Loschmidt’s number that was proposed by Boltzmann in 
a memorial address for Loschmidt (L. Boltzmann, Populare Schriften, Leipzig 1905, 
p. 243). It is true that Loschmidt had focused his attention only on the first of the two 
numbers which he was able to estimate by several gas-kinetic methods, but he could 
have easily derived the second from the first number on the basis of Avogadro’s law. 
Yet one must admit that not even the crudest estimate of the order of magnitude of 
either one of the numbers was within Avogadro’s reach, if one considers the general 
state of knowledge of his time. Since the number of molecules per mole is a fundamental 
constant of all atomic physics, it appears reasonable to give a characteristic name to 
this number alone. Should it not be the name of the man who was the first to devise 
methods for its determination? 
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used for a determination of L if the densities p and po have been observed. 
The value obtained by Perrin in this way is 68 X 10°, which is remarkably 
close to the value L = 60.2 X 10” accepted today. 

When we introduce in (15a) instead of R the gas constant per molecule’® 


R 
(15b) k= TZ’ 
the exponential in (15a) becomes 
(15¢) Fie hal da _ eat kT . 


Note that V stands here for the potential energy of a mass point m that 
has been elevated to the altitude z in the field of gravity. The right member 
of (15c) is called the Boltzmann factor; it involves a specified energy V, 
but its physical meaning can be extended to the energy states of any 
physical system and represents, generally speaking, the relative prob- 
ability of such a state in reference to a standard state of equal temperature. 

The Boltzmann factor is fundamental in all statistical investigations; 
the purpose of this short digression into atomic theory has been to point 
to its connection with the elementary barometric formula. 

Since the molar weight » occurs in formula (15), a possibility arises 
to separate heavy from hght molecules in a mixture of gases by sedimen- 
tation. Practically, this cannot be done in the field of gravity, but a 
centrifugal field may be effectively used for that purpose. 

The potential of the centrifugal force (4) per unit of mass is 


a8! 2 2 
(16) = g'%- 


According to (7) we have for the quantity @ 
(16a) ® = const + sre. 


Here we assume w to be constant [as in (6.9a)] all over the inside of the 
centrifuge. On the other hand, the integral ® for an isothermal gas or 
mixture of gases is found from (6b) and (12) 


(17) ee ee 
Ub Pp S Po 
Here pp is the pressure at the axis of the centrifuge (r = 0), and the con- 


*Usually called Boltzmann’s constant although Planck, following Boltzmann’s 
ideas, was the first to introduce it definitely. 
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stant in (16a) vanishes. From (16a) and (17) the pressure distribution 
inside the centrifuge is obtained: 


3 [1 _ Ce 
(18) log ; a RT Soe P = Po €xp 9 RT): 


The pressure is seen to increase exponentially with increasing r. 

Consider now a mixture of two gases with molar weights 4; and p, . 
Eq. (18) gives two different partial pressures p, and p, with two different 
constants po; , Poo that depend on the mixing ratio. The total pressure is 
p = pi + p, . According to Eq. (18), the partial pressure that belongs 
to the larger molar weight increases more rapidly than that belonging 
to the smaller u, when 7 increases. Since for a given temperature the 
pressures and densities change proportionally, the heavier component of 
the mixture Is concentrated in the proximity of the circumference of the 
centrifuge. The numerical magnitude—or rather minuteness—of this effect 
for air (21% O, , 79% N.) will be the object of problem II.2. 

As in the incompressible case, we may consider gravity in addition to 
the centrifugal force; the gravity potential —gz is then to be added in 
Eq. (16). Instead of (18) we have 


1 22 
(19) = Do exp tt (ce = 9re )t. 


The surfaces of constant pressure (hence constant density) are again 
paraboloids, but p, is now the pressure at the particular paraboloid 
gz = rw /2, from which the other isobaric surfaces are obtained by an 
upward or downward translation. Note that there does not exist a free 
surface toward vacuum (p = 0) since the exponential function does not 
become zero for finite values of the argument. 

Design and construction of centrifuges of enormous efficiency have 
become possible through the researches of Th. Svedberg. The speed of 
these devices which now are commercially available under the name of 
ultracentrifuges goes up to 100,000 r.p.m., the strength of the centrifugal 
field reaches 750,000g. One of the purposes of these machines is to sort 
protein molecules (molar weight about 30,000). Their principal field of 
application is in colloidal chemistry and biology where the objects of 
investigation are approximately incompressible mixtures of liquids rather 
than compressible gases. 


8. The State of Stress of an Elastic Solid 


The mathematical characterization of the stresses in a solid body is 
complete when the stress is recognized as a symmetrical tensor of second 
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order. In other words, it must be shown that the array of stresses 


Ozx Ory Orz 
o = |Fyz Oyy Oyz 
Tez Czy Oz2 


is symmetric about the principal diagonal, 
(1) Toy = Oye , etC., 


and that the components transform in the same way as the squares and 
products of the coordinates in passing to another Cartesian system [cf. 
Eq. (4.6)] 

The symmetry can be easily inferred from the condition of moment 
equilibrium. Let us first set up the moment about the z-axis which acts 
on the volume element with the sides Az, Ay, Az, cf. Fig. 10. The normal 


Zz 


Fie. 10. The symmetry of the strain Fic. 11. Ilustrating the equilibrium of 
tensor. The resulting moment of the shear forces acting on a tetrahedral volume 
forces must vanish. element. F denotes the area. 


stresses do not contribute anything to this moment since their vectors 
intersect with the z-axis. Consider now the tangential stresses o,, and 
oy, indicated in the figure. The corresponding forces transmitted to the 
volume element and the arms of these forces are 


: Ay. 


o,,AyAz, sie ~ and OyzAzAx, 9 
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For the signs of the resulting moments refer to Fig. 10, observing the 
convention that the direction of a stress component be indicated by its 
second index, when it acts on a “positive” surface element (cf. p. 38). 
The sum of the moments due to o,, and o,, then becomes 


2) (oxy — on): 


This does not take care of the contributions of the shear stresses 
acting across the “negative” a- and y-surfaces of our volume element. 
Let o2, and o}, be these stresses; on expanding the first in terms of Az, 
the second in terms of Ay, one sees immediately that of, = —o,, and 
o), = —o,, if terms of the order Az and Ay are neglected. The contributions 
of these stresses to the moment about the z-axis is therefore once more 
the quantity (2) if only terms of the order of magnitude Ar are retained. 
An additional external force F (per unit of volume) will in general also 
be present; its moment is | F| A7l where the arm 1 is of a smaller order 
of magnitude than the side length [see 6, after Eq. (4)]: it cannot possibly 
balance the reactive moments. Thus the equilibrium condition requires 
that the expression (2) vanishes by itself, but this is identical with the 
first symmetry condition in (1). The other two follow in the same way 
by considering moments about the z- and y-axes. 

The proof of our second point, the tensor character of the stress, is more 
involved. It must be based on the vector character of the reactive forces 
that are transmitted across a surface element, just as the corresponding 
proof for the strain tensor was based on the vector character of the dis- 
placement. 

We first set up the conditions for the equilibrium of forces acting on 
a tetrahedron, three faces of which coincide with the coordinate planes 
while the fourth is formed by a plane of arbitrary normal direction n 
(Fig. 11). Let the area of the oblique face be F, , and F, , F, , F, the 
areas of the faces lying in the planes « = 0, y = 0, 2 = O and consider 
these areas as projections of F, : 


(8) i = fF, cos (, x), F, = F,, cos (n, y), f= Pecos, 2). 
The equilibrium condition for the z-direction is then” 

(4) PiGay = Pt tse + F015, 

which because of (3) may be written 


(5) Onze = A10z2 ae Bit yz aie Yi0ex - 


One checks with the aid of Fig. 11 that F. , F, , F. are negative x-, y-, z-surfaces; 
hence, in the total x-force, the terms with factors ozz , yz , Gz are originally negative. 
In Eq. (4) they have been transferred to the right side with the posztive sign. 
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Here a, , 6; , 7: have been written for the direction cosines in (3) as indi- 
cated in the following scheme: 


n i be 
x [aay Ay» As 
y | B; Be Bs; 


Eq. (5) expresses the x-component of the stress acting across the n- 
surface. The y- and z-components can be determined analogously by 
setting up the equilibrium conditions for the y- and 2z-directions. One 
obtains 


(6) Ony = A110 xy a Bioyy a Vitzy » 


(7) Onz = A10z2 =e Bidy: = Y1i022 


The normal stress on the n-surface results now from (5), (6) and (7) by 
projecting the stress vector 


(8a) Opel + Gn, K - Onal 
on the n-direction. The projection equals 


Tnn = A1Onz ss Bien oe Y10n2 
(8) 
2 
— Airs + Bity, + Vice == 204802, + 2B1Y10y: + 2Y101F er . 


The directions ¢t and ¢’ already introduced may be realized as the legs of 
a right angle lying in the n-surface in an otherwise arbitrary position. 
We now project the stress vector (8a) also upon the directions ¢ and ¢’ 
and obtain the tangential or shear stress across the n-surface, resolved in 
a t- and t/-component: 


Ont = AOnz + BoOny ae Y2Onz 
(9) = QjQ202, + BiBoouy + V1V 20s: 


SF (Bia + 0182) Ory ie (7:82 oe BrY2)O yz ate (a2 ie A2Y1) Ore 


(for o.° , change subscript 2 into 3). When numerals are introduced 
instead of the subscripts x, y, z and n, ¢, t’ and @,, is written for the nine 
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direction cosines, (8) and (9) and the corresponding relation for ¢,,.° can 
be written in the condensed form 


(10) oir = s SS AyiAkmoim « 
U ™m 


This equation contains no reference to the size of the tetrahedron and 
gives, therefore, normal and tangential stresses acting across an arbitrary 
n-plane through O in Fig. 11. Its full significance is obtained if we dis- 
regard the particular roles of 1, ¢, and t’. Eq. (10) is then seen to express 
the stresses acting on a cell parallel to the arbitrary orthogonal triad 
n, t, t’ by the stresses on a cell parallel to z, y, z. 

Since (10) has the form of the tensor transformation formulas as 
derived for the strain tensor in (4.5), we may from now on refer to the 
stress tensor and visualize the state of stress in the neighborhood of a 
point by means of a stress quadric (elipsoid, hyperboloid, ete.) Magnitude 
and direction of the principal stresses are determined by the principal 
axes of the quadric. Any state of stress can be represented for a sufficiently 
small neighborhood of the field point as the sum of three mutually “orthog- 
onal” tensors of simplest structure, viz. unidirectional tensions or com- 
pressions in correspondence with Helmholtz’s theorem for the strains in 
1 Eq. (16). 

In setting up the equilibrium condition for the infinitesimal tetrahedron 
in (4), only the reactive forces transmitted through the surfaces, but no 
body forces have been considered. This is justified since the contributions 
of the latter are proportional to the volume while the stresses have the 
order of magnitude of the areas of the faces. The situation is different if 
we now turn to the equilibrium of external and internal forces for a small 
rectangular cell.* We want to establish a relation that is analogous to the 
fundamental equation (6.4) of hydrostatics. To secure equilibrium in 
x-direction as in (6.3) we have to consider the contributions of the normal 
stresses acting on the positive and negative 2-surfaces and, in additzon, 
those due to the tangential 2x-stresses across the positive and negative 
y- and z-surfaces; the latter do not occur in hydrostatics. The sum must 
be balanced against the contribution of the body forces represented, per 
unit of volume, by the vector F. This yields, after cancellation of the factor 
Ar = AzAyAz, the equilibrium condition 


O0z2 


OC nx O02: 
(11) an == ae 


oy dz 


+F,=0. 


The corresponding equations for the y- and z-directions are obtained by 
“rotating” the letters. Note that in (11) the F term has the same sign as 


*Since the area terms duc to opposite faces now cancel [ef. the remark following 


Kq. (2)]. 
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the stress derivatives while in (6.4) the signs were opposite. The reason 
is obviously that the positive sign now denotes a tension, while it denoted 
a pressure previously. 

The triplet of equations that corresponds to (11) reads in condensed 
form: 


(12) : Dive + F=0. 


The symbol Div stands for “vector divergence’; it derives a vector from 
a tensor while the operation div, formally explained in the same way, 
derives a scalar from a vector. In the general tensor analysis, where 
tensors of arbitrary order are considered, certain operations that decrease 
the order of a tensor are studied. The present case ecelms there under the 
heading “differentiation with subsequent contraction”’.” 

The definition of the symbol Div contained in (12) is obviously limited 
to Cartesian coordinates. It can be generalized for arbitrary orthogonal 
systems by the introduction of the limit of a surface integral as in (2.20). 
Enclose the field point, at which the p-component of the divergence 
vector associated with the tensor field ¢ is to be calculated, in a closed 
surface f with outward normal n. The generalized definition of Div is 
then 


(13) weirs e Lim 4 ii ee 
where Az is the volume enclosed by f, and o,, the component of the stress 
that acts across the n-surface element, taken in the direction p. 

Yn the particular case of Cartesian coordinates we take for Ar the 
rectangular cell Az, Ay, Az, and verify the new definition (13) in the 
same way as in the argument leading from Eq. (2.20) to (2.20a). In the 
general case of orthogonal coordinates [cf. Eq. (2.22)}, the surface f is 
again chosen as the boundary of the curvilinear rectangular cell g,Ap, , 
g2Ap2 , gz3A4p3 . The component of the vector divergence in the direction 
dp, follows from (13) as 


(14) Divo. = (929301) a s (9a9s0 Be 2 (g,9300). 


1] 
919293 


The meaning of o,, is, of course, the component of the stress in the direction 
of dp, acting across a surface element that is perpendicular to the direction 
of dp; = 

To obtain the k‘* component of the equilibrium condition the expres- 
sion (14) must be augmented by the component of F acting in the direction 


Cf. Appendix I-IV. General tensor analysis has been developed to serve as the 
adequate mathematical language of the general theory of relativity. 
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of the coordinate p, . This sum replaces the left member of Eq. (12) in 
the case of general coordinates. 

But the conditions of equilibrium are not sufficient to determine the 
tensor field o from the vector field F, since the tensor has six independent 
components while Eq. (12) is only equivalent to three scalar equations. 
The three missing equations are not supplied by the conditions of the 
moment equilibrium as one might be tempted to believe, since that 
condition has already been exploited in establishing the symmetry of 
the stress tensor. For the determination of the stress tensor the strain- 
stress relations must be used as will be done in the following 9. 

In this connection one may ask for supplementary conditions which 
together with (12) would ensure that the six quantities o represent a 
physically possible state of stress. The answer is found in the conditions 
of compatibility. The same question could have been asked in the case of 
the strain field, since the six functions e depend on the three displacement 
components &, 7, ¢ and, of course, may not be chosen arbitrarily.”® 

In conclusion we have again compiled the more frequent notations for 
the stress tensor: 


This book Oxrz | yy | Fez Cry = OCyz Oye = Czy Orr = Ozz 
Many American 


authors cere Mee eae ee rear. a =e Ter = Tes 


Love and many 
English authors X,| Y, | Z. ae, Vie ee 


Kirchhoff and 

Planck ei Y | — Za ae 2, SS SY IX, 
Some English 

authors PMO Were S 1h C 
Engineering 

usage Oe | Ogi Cr | tay — Tye (Pe 15°27: 


9, Strain-Stress Relations, Elastic Constants, Elastic Potential 


In the present section the loads are supposed to be sufficiently small 
so that second and higher powers of the stress and strain components 
may be neglected. Then the general form of the relations between stress 


Cf, Love, Mathematical Theory of Elasticity, 4th ed., Cambridge, 1927, pp. 49 
and 135. 
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and strain components becomes linear. Hooke, a contemporary of Newton, 
was the first to state this “law”’, although in simpler formulation. About 
the limits of the linear law (proportional and elastic limits) some remarks 
will be found in Chap. VIII, 39. 

We further assume that the elastic body is isotropic: its physical 
properties should be the same in all directions. Now it is well known that 
the structure of most solids such as minerals, metals and engineering 
materials in general is crystalline or microcrystalline. The following 
analysis refers therefore to ‘‘volume elements” that are large compared 
to the microstructure of the material, that is, what we call a volume 
element contains a great number of irregularly oriented microcrystals. The 
elastic properties of macroscopic crystals will be discussed in Chap. VIII. 

A volume element cut parallel to the principal axes of the stress 
ellipsoid makes a convenient starting point for our analysis. The three 
pairs of faces are subjected to the principal stresses ¢, , ¢2 , 73; while shear 
stresses o;, do not occur. It is then a first consequence of the assumed 
isotropy, that the shape of the volume element after loading is still rec- 
tangular. Thus there are no angular changes, the shear strains ¢;, are 
zero, and the state of strain consists in pure extensions along the principal 
axes cf the stress ellipsoid. Hence the principal axes of the stress quadric 
coincide with the principal axes of the strain quadric. The principal ex- 
tensions will be denoted by e, , € , €3 , as in (1.14). 

Now by the proposed linearity of the stress-strain relations the fol- 
lowing relation between a stress component and the strain components 
is implied: 


(1) o, = ae, + be, + ce. 


Since no axis is preferred, two further equations must be obtainable 
simply by rotation of the subscripts: 


(la) O2 = ae, + bes + cE, , o3 = aes + be, + ce. 


Again for reasons of isotropy, c must equal b, in Eq. (1), otherwise the 
directions (2) and (3) would not be equivalent with regard to the stress 
o, . It is convenient to rewrite (1) by adding +be, , viz... 


a, = (a — be, + Bley + € + 6), 
or, with a change in notation™ 


(2) a, = Que + Ae SF €> a €3). 


“Replacing the factor of « in Eq. (2) by 2y is an advantage, as will be seen below 
[Eqs. (16) and (18). 
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On introducing the same notation in Eqs. (la) the triplet (1) and (la) 
reads in condensed writing 


(3) a: = Qne; + Ne, + & + &). 


To find the general form of (3) (i.e., for a volume element of arbitrary 
orientation) is our next task, and now the transformation rules (1.22) 
and (1.22a) are needed. They are general tensor equations and valid for 
the strain as well as for the stress tensor: 


(4a) a: 


2 2 2 
ME, + a€, + a3és ’ ey = a Bi€, ar A2Bo€2 + 138 3€3 ’ 


2 2 
(4b) Orr = O10, + A202 + A505 ) Ory = 28101 + A2B202 + asBz0z . 


In (4b) we substitute for ¢, according to (8) and obtain with the aid of 
(4a) 


Ore = QMerr + Mai + a: + a5)(e: + & + 6), 
(5) | 
Ory = Query + A(a 8; + a8. + 0383) (€1 afealeicte €3). 


On observing that S oa os a8 = 0, and © = e + € + & = Ge + 
€,, + €., (5) may be transformed into 


Orr = Qpere + Co eye ie ’ 


(6) 


Ory = Query = 


or, in condensed writing,” 
(7) On = Quesx + 6;,0 


Eq. (7) is the general form of the stress-strain relation for an arbitrary 
volume element. 

The converse relations are easily found: Summing the first triplet (6) 
gives 


D = Gee + Gy + Ors = (Qu + BA) (Ere + Evyy + Ece)- 


This permits one to express the first scalar 9 by the first scalar Z. On 
reintroducing = in (6), one has at once 


For 5;, see Eq. (22a), 
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1 a 


=— = ——— = Qu’o,, +n 2 
2u (-.. 2u + 3A 2) M'Ome 


(6a) 


or, condensed, 
(7a) én = Qwow + Mbu Z. 


These are the general strain-stress relations and the constants appearing 
in (7a) are, in terms of » and X, 

Pee 2 a aly Se : 

(7b) Qh’ = Qu? / = roy oe 

Eqs. (6) and (6a) show that the isotropic elastic body has two elastic 
constants which are physical characteristics of the material of the body 
and depend on the temperature. An anisotropic crystal has more than 
two elastic parameters; depending on the character of its asymmetry 
there may be up to 21 elastic constants, as will be seen in Chap. VIII. 
The quantities \ and yu, introduced by Lamé, are known as Lamé’s con- 
stants, or better, Lamé’s moduli.'® For general investigations they are the 
most convenient characteristics of the elastic behavior, but their physical 
meaning is not immediately obvious. The quantities \ and » will now be 
expressed by two other constants that refer in a straightforward way to 
the simplest type of tension or compression experiment. 

A vertical prismatic bar with cross-section F, the upper end of which 
is rigidly fixed, is subjected to a load P that acts at the lower end. Let 
the load P be uniformly distributed over the end cross-section. The 
tension across the end section (and across any other parallel section) is 
a = P/F; is a principal stress since no side forces, and therefore no shear 
stresses, are active. The associated principal extension ¢ equals Al/l, 
where I is the length of the bar and Al the displacement of the end cross- 
section. It turns out that the ratio of stress to extension is a constant of 
the material, that is, it is independent of P, F, and I, as long as the loading 
is not excessive. This ratio is denoted by EZ and known as Young’s modulus*’ 


16It_ stands to reason to have two different words for the coefficients of the stress- 
strain and those of the strain-stress relations. Following Voigt, the former, like (A, »), 
could be called moduli, the latter, like (X’, n’), constants of elasticity [cf. 40]. 

“Introduced 1807 by Thomas Young, the same who discovered the interference 
of light, 
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or modulus of elasticity. Thus, for a bar under tension, we have 
(8) E=* 


where E has the same dimension [force/area] as o (e is dimensionless). For 
steel and wrought iron an average value of E is 2 X 10° kg.-wt./cm’. 

Elongation, however, is not the only response to the loading that can 
be observed in the tension experiment; actually, it is always accompanied 
by a contraction of the cross-section. It is this same contraction which 
we notice on a much larger scale when a rubber band is stretched, and we 
take it as the natural adaptation of the material to the loading. Denoting 
the contraction, which is the same for all fibers of the cross-section, by 
—e’, in this case a positive number, we define quite generally 


(9) — = Sh or, using (8), f=—Ag, 


The quantity v is also a constant of the material. It is called Poisson’s ratio 
of transverse contraction to longitudinal extension.”* 

Poisson not only introduced this number, but actually determined 
its value as %, on the basis of a rather limited molecular theory. Modern 
lattice theory of the solid state has again taken up this problem and 
improved on Poisson’s calculation; one of the results is that there is no 
universal theoretical value of v. In engineering applications the accepted 
value for iron is y = 1/m = 0.3. 

When the bar is under compression instead of tension, longitudinal 
contraction is accompanied by transverse dilatation, but H and v remain 
the same in spite of the changes of sign that have occurred, provided, of 
course, that the loading is within the elastic limit (see also 39). 

We now apply what we have learned in the simple tension experiment 
to analyze the general state of stress, which we consider as a superposition 
of three unidirectional stresses in the principal directions; the effect of 
each stress is the same as in the bar problem. Because of the linearity of 
all occurring relations we may superimpose the stresses as well as the 
associated strains. However, the extension along the principal axis 1 is 
not solely determined by the stress o, but in addition (if considered as a 
transverse contraction) by the stresses acting in the principal directions 
2 and 3. In this way one obtains from (8) and (9) 


o = 2-2 +0) =a - kata t os) 


#8The preferred letter for Poisson’s ratio in American and English literature seems 
to be o. 
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or, in condensed writing, 


ely See 
(10) = E Oi E Zz 
On summing the relations (10) for 7 = 1, 2, 3, one has 
2p E 
(10a) g= i z, Ee ne Ly 
and by substituting 2 in (10) the result 
E v 
app) oe T+p (. eo 6) 


is obtained. The relations which we wish to find result from a comparison 
between (10b) and (3). This leads to 


J28. -;, =a 
ey ~ (1 + 7) — 27)’ 


which express Lamé’s parameters by EF and v whose physical significance 
is more immediate. 

Let us now take up another particularly simple case of a stress field, 
viz. equal pressure in all directions as it is realized, e.g., inside the cylinder 
of a hydraulic press. Both the stress and the strain ellipsoid are now 
spheres [see also 4 after (11)]: 


C11) Qu 


0, = 02 = 03 = —P, z= = —3d3p, 6 =e en ee 
Eq. (10b) gives in this case 


om P= 53 


We define now in analogy to (8) a modulus of compression K by the 
equation 


(13) K = i 
and infer from (12) and (13) at once 


(14) K =; 


The incompressible case 9 = 0 corresponds to K = or vy = 3. This 
value represents the upper limit for the possible values of Poisson’s ratio. 
For vy > 3 the behavior of the body becomes unstable: its response to an 


[IT.9] STATICS OF DEFORMABLE BODIES 67 


external pressure would be an increase of volume (6 > 0) instead of a 
decrease. 

We conclude this discussion with another particular stress field, that 
of pure shearing stress. Take a rectangular parallelepiped, the z-surfaces 
of which are free of stress while the shearing stress o,, = ¢,, = 7 acts 
across the x- and y-surfaces. Our example is one of plain stress, that is, 
the- stress field is independent of z and can be represented by simply 
drawing a cross-section parallel to the z-y-plane as in Fig. 12a. The 


Fic. 12a. Change of shape in pure shear Fic. 12b. The principal stresses in pure 
loading. shear loading are equal and opposite. 


deformation due to 7 changes the original rectangle into a rhomboid, one 
pair of right angles being diminished, the other pair increased by the 
angle y. The stress quadric is, like the strain quadric in pure shear (cf. 
4 Fig. 4a, b), a cylinder parallel to the z-axis the basis of which is an 
equilateral hyperbola. The principal axes form an angle of 45° with the 
x- and y-directions and the two principal stresses are numerically equal 
and of opposite sign: co. = —o, ; 3 1s, of course, zero. This is a consequence 
of the invariance of the first scalar of the stress tensor, 2: for the element 
considered originally (Fig. 12a), ¢., = o,, = o., = 0 by hypothesis, hence 
an element cut parallel to the principal axes must take tension and com- 
pression in equal amounts to make again 2 = a, + o, = 0. 

The state of pure shear stress serves to define the shear modulus which 
we provisionally denote by G, a notation generally accepted in engineering 
practice. In partial analogy to (8) and (13) we set 


(15) G= 


215 


The analogy is not complete: the denominators in (8) and (13) represent 
the extension and (cubical) compression that correspond to the stresses in 
the numerators, but in the present case, (15), the denominator is the 
angular change produced by the stress that stands in the numerator, and 
this change is twice the strain component obtained according to the defini- 
tion (1.25). 
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To find G, that is, to express it by the elastic constants already intro- 
duced, we go back to the general relation (6), o2,/2¢, = mu, Which reads 
in our present notation +/y = pu. Thus (15) and (11) yield at once 


1k 
~ 29145 


(16) G= up 


The shear modulus G is identical with Lamé’s modulus u so that the notation 
G is no longer needed. Also the name torsion modulus is in use for this 
constant because of its significance for the problem of torsional waves 
(see p. 107) and the torsion problem of a bar, 42. 

We are now able to determine completely the stress from the equilib- 
rium condition (8.12). This problem was posed at the end of 8, and it 
was pointed out that the three equilibrium conditions were insufficient 
for a complete determination of the six stress components o;, . But if 
we express the o;, by the e;, and write for the e;, their original definitions 
(1.11) in terms of the displacements, we obtain three equations just suf- 
ficient to determine the displacement vector. 

That is an easy job if Cartesian coordinates are used. The x-com- 
ponent of the vector divergence in (8.12) transforms, according to the 
stress-strain relation (6), into 


Derr 1 Oye » Dre 90 
Dive o = 2y(%er 4 See 4 Mes) 4 28, 


which becomes, on going back to displacements by means of (1.11), 


: ee an 3 ee) 00 
Dives = fathe Hh4 2e 4 hy E48 
Te Oo het oy’ ° dy Ox T ag T a Ox a2, dx 


This is easily rearranged into 
: 2 098 
(17) Divec = uVir letra. 
On substituting (17) in the equilibrium conditions (8.12) and rotating the 
letters we obtain finally 
08 
wVEt(Ut+rAa + F, = 0, 


(18) | Parties (mg se af, ao 


VS + H+) SHEP, =O. 
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These three fundamental equations determine the displacement vector &, n, ¢ 
everywhere in the interior of the body if its behavior along the body surface 
is determined by appropriate boundary conditions. When the &, 7, ¢ have 
been found, the e follow by differentiation and the o by way of the stress- 
strain relations. Thus Eqs. (18) are the definitive differential equations of 
elastic equilibrium. The quantity » occurs in (18) without the factor 2, 
which again indicates that the choice of notation in Eq. (9.2) was to the 
purpose. 

Eqs. (18) are limited to Cartesian coordinates. If we wish to write 
them in general coordinates, we have to interpret the symbol V’ as grad 
div — curl curl according to (8.10a). On denoting the displacement 
vector &, 7, ¢ by 6q as in (4.17)-(4.28), the legitimate vectorial form of 
Eq. (18) is obtained: 


uw grad div 6q — uw curl curl 6q + (u + A) grad 6 + F = 0, 
Instead of div 6q we may write 6 and obtain 
(19) © (2u + A) grad O — wcurl curl dq + F = 0. 


The transition to general coordinates p, , pz , p3 is now governed by the 
general expressions (2.24)-(2.26) for grad, etc. Setting P = curl 6q for 
brevity, one has immediately 


1 00 Py (20ePs ee 
2 )—— - [ee F, = 0, 
( bh + ) 9: Op, 9293 Op. ODs + 1 
1 30 qt (Pals ao 
2 a ee eS F, =0 
(20) ( Mb + d) Qo Ope 9391 Ops Op, SF 2 F) 
1 30 y (2a uF) 
2 N) Ss sgt F; = 
eo) ge as Sas 


The quantities © and P that occur here have according to (2.25) and 
(2.26) the meaning 


0 


ie (gogs qi) -F °° + 


ces 
919293 
(20a) 


1 ( F) F) ) 
ee ey (ad ye 5 eee ees 
P, aa Nas (gs qs) aps (go 5q2) }; ) 


The boundary conditions to be added to Eqs. (18) or (20) may refer 
either to displacements or to stresses, or, as in the problem of 44, partly to 
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the one and partly to the other (mixed boundary value problem). When the 
displacements are prescribed along the entire surface of the elastic body by 


(21) é=6, Up a UbY G = fo, 


where £, o, ¢o are point functions given along the surface, the boundary 
value problem is similar to that of potential theory (p. 25) but consider- 
ably more complicated. In order to prescribe the stresses one assumes a 
system of external forces distributed over the surface of the body in the 
form F = fdo so that the “surface density” f of the external forces is a 
finite point vector given along the surface. The surface stresses developed 
by the body must be balanced by the given vector f everywhere on the 
surface. Hence we have for each surface element with normal direction n 


(21a) On +fe=0, Om tf,=0, Gua tf. = 0. 


In the particular case that no external forces act on the surface, the 
boundary conditions become 


(21b) Onz = Ony = Ong = 0. 


Such is the case for the sides of the bent beam in 41 or for the bar in 
torsion in 42. When the components of o are expressed by the é, 7, ¢ in 
(21a, b), three boundary conditions result for the first derivatives of the 
é, », ¢. Thus the integration problem is similar to that of the second 
boundary value problem of potential theory (cf. problem I, 5), but again 
considerably more difficult. 

The uniqueness of solution of the problems mentioned, in particular 
for a simply connected body, can be proved as in potential theory essen- 
tially by an application of Green’s theorem (cf. p. 25). In such a proof, 
homogeneity of the material, hence uniform temperature, and strictly 
elastic behavior are assumed. In reality, however, internal stresses are 
present even without external loads: they are caused by imperfections of 
the casting, inhomogeneous cooling etc. and are a constant source of trouble 
for the engineer; in applied elasticity, they constitute an unknown element 
which makes the strict uniqueness proofs of the mathematical theory 
somewhat unrealistic. 

We turn now to the energetic aspect of the stress-strain relation and 
determine first the strain-energy function.,The calculation proceeds again 
in Cartesian coordinates a, y, z and displacement components £, 7, ¢. 

Consider the two «x-surfaces of the volume element Ar = Ax- Ay- Az 
while an infinitesimal increment of the displacement 


Ep), 6 agian, n + dn, PSeaay 
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is imposed on the strain field. The work done by the stresses across the 
negative and positive 2-surface is, in the same order, 


dW, = —(o,dé + o,,dy + o,,d¢) AyAz 
and 


AWisac = + (022 dE + 62, dn + o,, Af) AyAz 


of = (G22 dé + Ory dy +. Oxz dt) AxAyhe. 


The algebraic sum of the two expressions is clearly the second line of the 
second equation. On adding the work done by the external force F in 
x-direction, one obtains. 


(22) ‘2 (G22 dE + o2, dn + 02, 45) + F, agbazayac. 


Two analogous expressions are obtained for the work done in the dis- 
placement of the y- and z-surfaces. On adding all three contributions and 
carrying out the indicated differentiations, the terms that contain the 
(not differentiated) factors dé, dn, df cancel the F-terms, if we make use 
of the equilibrium condition (8.12). The work dW per unit of volume is 
thus found as 


ac of 


Z gan af 2 ss) 
dw a2 Tua ta Oy, a oy + Gar + Ory, a oy ae Ox 


(23) 
fc & 
+ o,,d (eg Xen af 2 + 2). 


In this calculation we have employed the symmetry of the stress tensor 
and the fact that ddé (the gradient of the incremental displacement) is 
commutative with ddé (the increment of the gradient of the displace- 
ment) (cf. 4, Fig. 5; d here corresponds to 6 there). Eq. (23) can be written 
in the form 


AW = ozx dé,, + oy, dé,, + o,, de,, + or, dézy 
(24) 
ce 2042 de,. ae 20.2 dé. =< >» D, Tik de, p) 
7 k 


when the strain tensor is introduced. 

It is possible to express relation (24) in terms of the strain tensor 
alone, by means of the stress-strain relations. Substitution according to 
(7) yields the form 


(25) dW = 2 Dd) Dd) ex den + 0 dO. 
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This expression is a total differential as long as the “constants” \ and u 
remain truly constant in the process of loading. We may then speak of a 
strain-energy function, without referring to the particular way of loading 
that starts from the (stress-free) initial state and leads to the final (stressed) 
state. In other words, the strain-energy is a function of state. It reads in 
terms of the strain components: 


(26) Wan DL Lats% 


As a function of state, W must be independent of the particular choice of 
coordinates z, y, z. This can be seen immediately through the following 
rearrangement: 


2 2 
oy > ik = (é1 Ae €22 == €33) 
= DAE = a: =- or ™ €11€22 “ €22€33 ~~ €33€11) 
= Q’ — 2A, 


where A is the second scalar of the strain tensor, as explained in Eq. (4.9). 
Thus, instead of (26), we have the invariant representation 


(26a) | w= HEX 6 — gua, 


A more symmetrical expression for W which also makes the invariance 
evident is 


1 
(26b) = 5 ss SS Osresk 


The right member in this equation is the simplest simultaneous invariant 
of the two tensors o and e. On expressing o by e or vice versa [Eqs. (7) or 
(7a)] one obtains the quadratic forms 


(27) Wie) or W(c). 


The first is, of course, identical with (26), the second can be obtained 
from (26) by formally replacing «, @ by co, 2 and yp, d by pw’, ’ from (7b). 

The factor } that occurs, e.g., in (26b) is in obvious connection with 
Hooke’s law, that is, with the assumed linear relation between stress 
and strain. 

From the quadratic forms (27) the stress and strain components can 
be reobtained; they are the partial derivatives of the energy W with 
respect to the corresponding strain and stress components: 
dW (e) _ dW) 


€ik 
. OCs 
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For this reason, the negative strain-energy W is also called the elastic 
potential per unit of volume. 

We have already observed that » and are temperature-dependent 
parameters. If the temperature is kept constant while the load is applied 
(isothermal transition), then » and X are true constants, and the preceding 
determination of W is correct. If on the other hand the transition is carried 
out without heat transfer to or from the individual volume elements of 
the body (adiabatic transition), then the strain energy can again be 
shown to be a function of state, but the ‘“‘adiabatic”’ values of u and » 
are different from the ‘‘isothermal”’ ones. This difference is, as one would 
expect, especially noticeable in the gaseous state and will be discussed 
in 13 when the velocity of sound is calculated. In the more general case, 
as in a body with non-uniform temperature distribution, the strain energy 
is not a function of state, but depends on the path of the transition; the 
elastic potential does not exist. 


10. Viscous Pressures and Dissipation, 
Particularly in Incompressible Fluids 


The following analysis is based on an assumption about the nature of 
the viscous forces which, in the special form to be discussed first, is due 
to Newton. Let the velocity of the fluid u(y) be everywhere parallel to 
the x-axis, increasing in some way with increasing y. The reactions due 
to viscous friction that are transferred through a surface normal to the 
y-axis are, according to Newton, proportional to the velocity gradient, 
the factor of proportionality » depending on the nature of the fluid. We 
refer the reactive forces to the unit of area and designate them as frictional 
or viscous pressures. Newton’s assumption then is 


(1) Pues = Fay : 


The minus sign as well as the notation p,, requires some explanation. In 
Fig. 13 a surface SS has been indicated which, relative to the lower part 
of the fluid, is a positive y-surface, since the outward normal points in the 
direction of the positive y-axis. The fluid above SS, flowing faster, tries 
to take with it the fluid below SS; the upper small arrow in Fig. 13 repre- 
sents therefore the retarding action exerted on the upper fluid body by 
the lower one. Either arrow should be designated by o,, if we were to use 
stresses in our analysis, the upper one representing the +.2-traction 
across a +y-surface, the lower one the —2-traction across a —y-surface. 
We use pressures, however, and this explains the minus sign in Kq. (1); 
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Pyz is negative for the positive y-surface (since du/dy is positive) and posi- 
tive for the negative y-surface.” 

Our aim is to generalize Newton’s formula for the case of an arbitrary 
fluid flow. To do this we must go back to the fundamental theorem of 
kinematics of 1, which deals with the resolution of an infinitesimal dis- 
placement into translation, rotation, and deformation. The first two, as 
we know, correspond to rigid body motions and cannot involve internal 
friction. The friction is entirely due to the third part that can be de- 


Fic. 13. Transfer of friction pressures in 
laminar flow. Newton’s hypothesis. 


scribed in terms of the strain tensor e. Now, in a fluid the time rate of 
displacement rather than the displacement itself is the physically im- 
portant quantity (see 5, p. 39), accordingly, we shall not consider e, 
but € as responsible for the friction. In anticipation of the result of the 
subsequent discussion we assume now: 


t 
(2) Dir = —2Qyer , = @, Y;, z. 
k 


The factor of proportionality » which has already occurred in (1) char- 
acterizes the internal friction and is called the coefficient of viscosity. The 
value of » depends on the nature of the fluid and changes very strongly 
with the temperature (in liquids, increasing temperature makes u decrease). 

We show first that the set (2) is equivalent to (1) for the special flow 
of Fig. 138 where 


u= u(y), 0=0, w=0. 


Applying (1.11) and the array (1.12) to the deformation velocities u, v, w 
rather than to the deformations £, 7, ¢, we obtain 


"Cf. the footnote on p. 39. 
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1 ou 
2 dy 


0 0 0 


and the content of Eq. (2) reduces to the following equations which are 
identical with (1): 


oS ae 
Pry = Piz = Pay? 


the other p;, vanish. 

Assumption (2) is in agreement with the tensor-analytic principles 
considered in the preceding article. This is at least true for incompressible 
fluids, and we wish to limit the validity of (2) to that case. Then 06 = 0 
by (5.1). and the stress-strain relations (9.7) become identical with (2) 
as soon as the stresses are replaced by the pressures (change of sign) and 
the strains by the rates of strain. Hence one would conclude from the 
uniqueness of the stress-strain relations that a tensor-invariant relation 
between p and é€ other than (2) cannot exist. (The phys'cal meaning of 
the viscosity coefficient » has, of course, nothing to do with Lamé’s 
modulus yu in the last article.) 

First, however, the following point must be clarified: in the theory of 
the elastic solid we were able to show by an equilibrium consideration 
that o is a symmetric tensor. The corresponding argument is questionable 
in the case of the viscous tensor p, since the necessary transition to a 
sufficiently small volume element is no longer legitimate in the present 
case, as we shall see below. Suppose then one would admit the possibility 
that 

Dis FH Drs « 
Now, an unsymmetric pressure tensor could always be resolved into a 
symmetric part p and an antisymmetric part 7 such that 
Dit = Dri and Tin = TWh - 


The latter may be represented by an (axial) vector [cf. Eq. (1.12a)] and 
can be invariantly connected only with a quantity of the same character. 
The vortex velocity w is such a quantity, and it is the only one that can 
be used. One would then have to postulate a static-kinematic relation of 
the form 


(3) fips, OG 
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Hence to admit the possibility of the asymmetry of the viscous tensor p 
amounts to the acceptance of a ‘‘vortex friction” as in (3), but this con- 
cept is inadmissible since it leads to a nonsensical result even in the 
simplest case. 

Suppose a drum filled with some viscous liquid is made to revolve 
about its axis. The liquid starts to rotate at the circumference of the drum 
and the motion is gradually communicated to the bulk of the fluid. While 
this goes on a moment is required to overcome the internal friction of the 
liquid in addition to the moment required for the acceleration of the 
moving mass. In the steady state which is finally reached, the angular 
velocity w is everywhere the same; at least, one may safely consider this 
as the final state since no experience points to the contrary. The liquid 
rotates as a rigid body and surely no moment is needed to sustain the 
motion if bearing friction etc. is disregarded. In contrast to that, Eq. (3) 
contends the presence of friction also in the steady state. Originating in 
the fluid, the friction would be conveyed to the drum and would have to 
be balanced by an external moment. 

This whole discussion is of a phenomenological nature in accordance 
with the general point of view taken in this volume, and the same is true 
for the preceding tensor-geometric considerations. The deformable medium 
is being considered as a continuum and no attention given to the molecular 
origin of the stresses or pressures. The molecular theory of compressible 
fluids will be dealt with in the kinetic theory of gases. It furnishes a direct 
explanation of the frictional pressures in terms of the transport of mo- 
mentum by thermal motion or, as it is sometimes put, in terms of the 
diffusion of momentum. Such a theory is physically altogether more 
profound; for compressible fluids it leads of necessity to the relation (21) 
between pressure and rate of deformation,”° which will be found at the 
end of this article. That more general relation comprises (2) as a special 
case if the fluid is incompressible (0 = 6 = 0). On the other hand, the 
gas-kinetic concepts do not directly apply to incompressible fluids, that 
is, not unless arbitrary additional assumptions are made. There is, how- 
ever, no doubt that also in the incompressible case the single volume 
element is exchanging momentum with more distant volume elements, 
and that this constitutes the physical cause of fluid friction. But it is just 
this idea of interaction by exchange of molecules that is in contradiction 
with the transition to an zsolated small fluid element as in 8. 

In addition to the frictional pressures and superimposed on them, there 
is a uniform normal pressure of the same nature as the pressure in the 


Cf. in particular the critical remarks of E. Fues, Z. f. Physik 118, 409 (1941) and 
121, 58 (1943) which start from ideas of Maxwell and Boltzmann, like most investiga- 
tions in that field. 
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fluid at rest when the external force F is present. We denote it by p as 
before (no subscripts, since it is a scalar), although it is not identical 
with the hydrostatic p (see below). The total pressure tensor is then 


D+ Dez, Povs . De 
(4) P= Dyz ; Dp c5 Puy » ' Puz 
Pez » Pey 5 Dp ae Diz 


We are now ready to state the relation that is the analogue of the 
equilibrium condition (8.12). Although it is true that we are not con- 
cerned with an elastic body at rest, but with a flow of fluid particles, we 
may first assume that (in the frame of reference under consideration) the 
motion proceeds without change of magnitude and direction of the velocity. 
Each particle is then in a state of mechanical equilibrium, and we can 
formulate an “equilibrium condition” also in the present case. It is 
modelled after (8.12) and reads (with the proper change of sign) 


(5) Div P = F. 


Here Div stands for the ‘‘vector divergence’”’, explained in (8.13) in an 
invariant way. Written in Cartesian coordinates, (5) takes the form 


OP» OPrz » OPye » OPsz _ 
Parra i = F,, 


Oy 0z 
Op) Wey » WP » Wey _ 


OP , OPsz 5 OPue 4 Pee _ 
Pau Ox " dy a6 dz Stas 
These equations determine a steady fluid motion as soon as we express 
the six unknowns 7;, through the three velocity components u, v, w by 
means of (2). We obtain first 


te 9,24 (0% 2) (atu , tu) | 
(7) Ox ae dx? *\ Ox ay a oy” M\ Ox dz ae Ea ee Eos 


which reduces on account of the condition of incompressibility 
(8) = +5 = = 0 
to 


(8a) oe op th ig. 
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The corresponding equations for the y- and 2-directions are 


He - uV'v = F,, 

(8b) 

oP — ww = F, . 

Eqs. (8), (8a), (8b) form a system of four equations for the four unknowns 
U, v, W, p. The pressure p is, of course, not equal to the hydrostatic pressure 
value, but is to be found from the quadruplet of equations simultaneously 
with the unknowns 4, v, w. 

The same Eqs. (8)-(8b) can also be considered as approximate equa- 
tions for a flow where the particle accelerations do not exactly vanish, 
but are so small that their omission appears to be justifiable. This type 
of fluid motion—‘‘creeping” one might call it—will be studied in 35, 36. 

In both cases (either exactly or approximately free of acceleration), 
boundary conditions must be added to the differential equations to specify 
a problem, but there is a fundamental difference between the boundary 
conditions to be imposed on a perfect and on a viscous fluid. While in the 
first case only the boundary condition v, = 0 is to be fulfilled and arbitrary 
tangential velocities v, may be admitted along the rigid walls, we must 
stipulate in the second case that the fluid adheres to the surface of the 
rigid boundaries. This implies, of course, that v, approaches zero con- 
tinuously in the neighborhood of the boundary, since a jump of v, would 
mean an infinitely large gradient of v, and, consequently, infinitely large 
values of the viscous pressures p,, . Experiments on the flow in narrow tubes 
(see below) have justified this form of boundary conditions which we state 
once more: 


(9) UR = 0, UF = 0. 


The fundamental difference between perfect and viscous fluids makes it 
understandable that the transition from small friction to the limit of 
vanishing friction is not without analytical difficulties. We shall come 
back to this point in 33 (Prandtl’s boundary layer). 

We now discuss the simplest application of the equilibrium conditions 
(8) and boundary conditions (9), viz., the classical Hagen-Poiseuille flow” 
in a capillary tube. Let the horizontal tube have circular cross section 
with a radius a, so small as to make the flow proceed in straight stream 


"1G. Hagen, Poggendorffs Ann. 46 (1839). J. Poiseuille, Comptes Rendus 11 (1840) 
12 (1841). Hagen was superintendent of works in Berlin, Poiseuille a physician in 
Paris. Both found independently the law (15), essentially by experimental investiga- 
tions, 
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lines parallel to the axis of the tube (for more details about laminar flow 
and the conditions of its stability, ef. 16). When the axis of the tube is 


taken as z-axis and the distance r = +/ y + 2’ from the x-axis is intro- 
duced, the velocity distribution is 
(10) je = WG). 


Eq. (8) shows then that w is independent of x; because of the cylindrical 
symmetry, uv is a function of r alone. Gravity may be neglected in our 
case, hence the force F is zero. Eq. (8b) gives now 


(11) ee 6, 


5 =e = therefore p = pla). 


Since the first term of (8a) depends only on x, the second only on 7, and 
their difference is zero, either term must be a constant, say —A. Thus 
we have 


(11a) Py Ae Vu=— Ze ; 

Me 

According to this, the constant A is the pressure gradient along the tube, 
or, if multiplied with the length of the tube /, the pressure difference II 
between beginning and end of the tube. We substitute for Vu its value 
in cylinder coordinates (problem I, 3) and note that there is no dependence 
on ¢ and on the axial coordinate: 


Here C, must vanish since otherwise du/dr would become infinite for 
r = 0. A second integration yields 


ee ea 3 
(12) a apt © 


The constant C, is to be determined from the boundary condition (9) 
which now reads 
(13) u=0 for f= a. 


The liquid sticks to the wall of the tube. There is no doubt that (13) is correct: 
it follows unequivocally from the observations and holds for water as 
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well as for non-wetting liquids such as mercury on glass. According to 


(12), 
A. 
Gh = 4u a ’ 
so that (12) takes the form 
= A 2) ee 
(14) J ae (a —% 


The velocity profile is parabolic (cf. Fig. 14). The particles that are at the 
time t = 0 on a plane cross-section, lie at £ > 0 on a paraboloid of rotation 


Fic. 14. Laminar flow in a capillary tube; 
) ) ) ) the liquid adheres to the wall, the velocity 
R profile is parabolic. 


the vertex of which travels in the direction of the flow while the points 
of contact with the wall remain fixed. 
The volume discharge Q per unit of time is 


ee ; tA 
(15) Q = 2 | urar Pas 
This formula has served as the basis for most determinations of viscosity 
constants in the last hundred years. The velocity of flow averaged over 
the cross section 


(16) i ae = 


is half the maximum velocity Umax , [Eq. (14) with r = 0]; the pressure 
loss follows from (15) and (16) as 


Um 
(17) Tl = 8yl Fa 


The pressure loss due to friction is proportional to the mean flow velocity 
and inversely proportional to the square of the radius. ‘This law which, in 
modified form, is also correct for other laminar flows (ef. problems II, 3 
and 4 and Figs. 19 and 19a on p. 121) is in characteristic contrast to 
the law for turbulent flow (see 16) where the pressure loss is approximately 
proportional to the square of the average sai and inversely proportional 
to the radius of the tube. 

We turn to the discussion of the energetic aspect of viscous flow. To 
calculate the work done by the friction forces we can use Eq. (9.22) as a 
starting point. Replacing the stresses « by the pressures p (change of sign) 
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and the virtual displacements dé, dy, dt, by the quantities udt, vdt, wdt, 
which now are actual motions occurring in the time element dt, we obtain 
in place of (9.22) 


‘= 2 [(@ + p.z)t + pad + pest] + Pashat AxAyAz. 


This is the work done by the uniform pressure p and the friction pressures 
pix on the x-faces augmented by the work of the zx-component of the 
external force. On adding the corresponding expressions in y and z and 
carrying out the differentiations, the resulting expression can be reduced 
by applying the conditions of equilibrium and incompressibility (6) and 
(8), and becomes after division by diAxAyAz 


ap @., 2, om 
Des Ox Puy oy Des Oz 


= pa( 24 + 2) — pf 4 2) — p,(2” 4 20) 
pal 2 +2) Puan + oy] — Pr\ag + Gel 


(18) 


This energy is, as it were, abundant, it has no mechanical equivalent 
since no energy is needed for the maintenance of a steady fluid motion; 
it must therefore appear in the form of heat. Expression (18) thus represents 
the heat produced by friction per unit of time and of volume (dissipation). 

Introducing a notation similar to the thermodynamic usage, we desig- 
nate by dq the heat transferred to the unit of volume during the time dt. 
Using the definition of the strain components e,, in (1.11), we can trans- 
form (18) into 


(19) “ = a >) De pti . 
i Ok 


On applying the relations (2) between the p,, and the €;, , we obtain for 
the dissipation 


(20) f= yD ah. 
¢ k 


The quantity dg defined by (20) is, of course, not a total differential like 
the elastic dW of the corresponding equation (9.25), whence there is no 
thermal variable of state { dq that would correspond to the elastic strain 
energy (9.26). 

In conclusion we wish to point out very briefly the changes which 
the foregoing considerations require in the case of compressible fluids. 
In the first place, comparison with the stress-strain relations in the form 
of (9.7) shows that the assumption (2) should be replaced by 


(21) Pik = — Ques ose 6.0 
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because of © = 0. Thus we have a second coefficient of viscosity,” A, 
which is associated with the rate of dilatation 0. 

The equilibrium conditions (5) and (6) remain valid, if only F is re- 
placed by pP as in (7.3), but the form (8a) of these conditions must now 
be changed to 


(22) SP — wu — (u +) 5 O = Pe. 
This equation together with the two others that are obtained by rotating 
the letters, and the equation of continuity (5.4) determine the four un- 
knowns u, v, w, and p provided that a p,p-relation is prescribed. That 
the present set of equations is more involved is seen even in the case of 
the Hagen-Poiseuille problem for gases; one does not obtain an equation 
for u as above, but two simultaneous equations for w and p. As for the 
dissipation (20), it changes, as one would expect, to 


(23) “a = 2. > > ds + 0". 


No further determination of this quantity is intended here. In the literature one 
finds usually } = —2y/3 on the basis of a gas-kinetic argument valid for monatomic 
gases (ISnskog, Uppsala thesis, 1917). It is not difficult to draw the general conclusion 
from (21) that in the case of uniform compression an isotropic frictional pressure of the 
magnitude (2u/3 + d)-6 arises. The number 2u/3 + can therefore be designated as 
volume viscosity, in distinction from » which could be called laminar viscosity. Accord- 
ing to Enskog the volume viscosity of monatomic gases is zero, but the generalization 
of this result to gases whose molecules contain more than one atom is not justified. 


CHAPTER It 


DYNAMICS OF DEFORMABLE BODIES 


11, Euler's Equations for a Perfect Incompressible Fluid 


The transition from statics to dynamics is accomplished by adding the 
inertial resistances to the external forces in accordance with d’Alembert’s 
principle. The inertial resistance of a particle with mass Am is 


Hence the inertial resistance per unit of volume becomes 


dv 
1 Baas 
(1) pa 
This quantity must be added to the external force per unit of volume F 
in the equilibrium conditions (6.4) if one wishes to obtain the equations of 
motion. Transposing the inertia term (1) to the other side of the equation, 
we have 


d 
(2) pS, + grad p = F. 


Here one must carefully distinguish between the total or material 
acceleration dv/dt and the local acceleration dv/dt. Take for instance the 
z-component of the velocity u(x, y, z, t). While the particle moves through 
ds = tdx + jdy + kdz in the time dt, the change of u is 


Ou Ou Ou Ou 
= at dt + ay Oe + Py ay S dz, 
where the particle coordinates x, y, z are to be considered as functions of 
t. Accordingly, the material acceleration in z-direction along the path 
dx = udt, dy = vdt, dz = wdt becomes 


du Ou Ou Ou Ou 

3) Fie GP” as aaa oe 

and the difference between material and local acceleration in z-direction is 
du ou ou Ou Ou 

(3a) Tiere ae | 
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the meaning of the local acceleration being the rate of change of the 
velocity at a specified point of the flow. To illustrate the difference by 
an example, take the steady flow through a pipe of varying cross-section. 
Let the axis of the pipe coincide with the z-axis; then we are mainly 
concerned with the velocity component u. By hypothesis the flow is steady: 
hence du/dt = O everywhere, but by no means du/dt. On the contrary, 
the velocity of flow increases where the pipe becomes narrower and de- 
creases where it widens. The difference between the two accelerations is 
given by the right member of (3a), in particular, by the first term because 
of the assumed preponderance of u. The terms on the right side of (3a) 
are often called the convective terms of the acceleration. 

Writing (2) in Cartesian components by means of (3) and the corre- 
sponding expressions obtained by rotation of letters, one finds 


du, du, du 2) op =e 
(St + ut 40% + w age 


0z Ox 
dv ov dv 2 Op _ 
. Az 1 a ey ae W 02 ats 7 


ow ow, dw dw\ , 9p _ 
{2 am i a a mt) 4 = He 


The fourth differential equation is the condition of incompressibility 


du 


(4a) ae 


ov Ow 
ae 7 gear! 
The quadruplet of equations (4), (4a) constitute Huler’s equations’ of 
perfect fluid motion. 'The pressure p is not to be confused with the hydro- 
static pressure; it appears as the fourth unknown beside uw, v, w. 

It suggests itself to abbreviate Euler’s equations by writing them in 
the symbolic form 


(5) Ao ay grad) v + grad p = F, 


where the symbol (v grad) could be replaced by (VV) as on p. 23. But 
this form is misleading as soon as one tries to use it, as it stands, for non- 
Cartesian coordinates (see problem III, 1). The operation grad applies 
only to scalars and must not operate on vectorial quantities. We may, 


‘Leonhard Euler (1707-1783). His first two papers on the equilibrium and motion of 
fluids appeared 1755 in Vol. 11 of the Berlin Academy, a later treatment 1770 in Vol. 14 
of the Petrograd Academy. 
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however, define the pscudo-vectorial symbol (v grad) v by explaining it 
through a legitimate vector formula. The definition we have in mind reads 


2 
(6) (v grad)v = grad 5 —v xX curl v. 


In fact, the z-component of the first member of (6) can be rearranged 
in the form 


Ou Ou 
cue Ot ine 


Se: (2 or) 2 ou) 
3.an canoer» Ox Nae Ox 
which establishes right away the identity with the 2-component of the 
second member of (6). The corresponding relations for the y- and 2z- 
components follow by rotating the letters. 

Now we may replace Eq. (5) by 


2 
(7) (% — v x curl v) + rad (p% +p) = 
ot 2 
Adding the condition of incompressibility 


(7a) div v = 0, 


we have obtained Euler’s equations in invariant form that can be special- 
ized for any sort of curvilinear coordinates (e.g. polar coordinates) by the 
use of the expressions for grad, div, and curl in (2.24)-(2.26), or of the 
ready formulas in the tabulated solutions of problem I, 3. 

Considering the mathematical character of Euler’s equations we notice 
immediately their non-linearity which distinguishes them from the many 
linear equations of mathematical physics, as e.g. in potential theory, heat 
conduction, electrodynamics, etc. The non-linearity which is caused by 
the presence of the convective terms 


du du v 
ee! at 3, etc., or v X curlv + grad 5 


makes the integration incomparably more difficult, for we can no longer 
use the principle of superposition of solutions by which more general 
integrals are found in the form of a combination of particular integrals. 
The integration of Euler’s hydrodynamic equations is thus a considerably 
more difficult mathematical problem than, for example, that of the seem- 
ingly more complicated equations of Maxwell in electromagnetic theory. 
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Only in the case of irrotational flow is it possible to give immediately 

a first integral of Euler’s equations. The condition is 
1 

(8) o = 5 curl v = 0; 
it is sufficient that Eq. (8) be fulfilled at a certain time instant only, since 
in an inviscid fluid it then remains permanently fulfilled as will be shown 
in Chap. IV. 

We shall at first consider a still more restricted case, viz. steady flow, 
so that 


ov 


(8a) af 


= 0. 


It is further assumed as in (6.5) that the external force F has a potential 
(8b) F = — grad U. 
Then (7) becomes 


2 
grad (p> +p + u) =0 
and can be integrated to 


(9) ps +p+U = const 


which is Bernoulli’s famous equation.” It was found before the discovery 
of Euler’s equations by an argument which could be considered as an 
anticipation of the energy principle. For Bernoulli, no other potential 
energy than that of gravity would count; with U = pgz (2 pos. upwards), 
Eq. (9) would read 


(9a) y +24 gz = const. 
2. 3p 


Bernoulli’s equation is the most important theorem in elementary 
fluid dynamics and finds application in the solution of numerous technical 
problems of turbine design, aerodynamics, etc. The first term of Eq. (9) 
is the kinetic energy per unit of volume, the third term the potential 
energy of the external force, again per unit of volume. The pressure p in 
(9) appears, as it were, as the potential energy of internal forces that are 
active in the unit volume cell and account for the dynamic interaction 


"Daniel Bernoulli, Hydrodynamica, Strasbourg 1738. This work contains also the 


first attempt at a molecular theory of gases and the first treatment of the bending of a 
beam (cf. 41). 
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between neighboring incompressible fluid elements. A deeper mathematical 
interpretation of p will be the object of the next article. 

Let us now illustrate the physical content of (9a) by some simple 
examples. Imagine a tank filled with liquid having an orifice at the level 
of the bottom. Let the free surface be z = 0 and the bottom z = —hA. 
As long as the orifice is closed, v = 0 everywhere in the tank and p = 0 
at the surface (where p denotes the overpressure relative to the atmos- 
phere). The constant in (9a) is then equal to zero, the pressure p = pgh = 
yh at the bottom and is identical with the hydrostatic pressure in 6. 
When the orifice is opened we may assume that, at the surface, v remains 
approximately zero so that const = 0 as before. But since p is now zero 
also at the orifice, Eq. (9a) gives for z = —h 


(10) ; v= V/2gh 


as in the case of a freely falling body. This is the well known content of 
Torricelli’s theorem.° 

Another example is the steady flow through a horizontal tube of 
variable cross-section. Since the volume flux through each cross section is 
the same for an incompressible fluid, v increases with decreasing cross 
section and vice versa, as already observed on p. 84. (The present v is 
essentially the same as the axial component wu there). According to (9a) 
the pressure must exhibit the converse change; this is easily demonstrated 
if the tube is furnished with a series of vertical open manometers in which 
the liquid is allowed to rise. The levels in the manometer tubes indicate 
the variations of the pressure along the tube, showing smaller pressure 
when the cross-section is smaller. The comparison with the behavior of a 
crowd of people trying to force their way through a narrow passage is 
inevitable: the way the fluid does it is more rational. 

The following little experiment which can be improvised at any time 
may also serve as an illustration of Bernoulli’s equation. Put a piece of 
paper (say 2 X 2 inches) on your left hand and hold the second and 
third finger of your right hand closely above it. Blow now vigorously 
through the narrow slit formed by the two fingers against the center of 
the paper. Contrary to expectation, the paper is not pressed against the 
left hand but lifted toward the fingers of the right hand where it remains 
floating for some time. Explanation: the air that emerges between the 
fingers and the paper flows in a channel of increasing cross section (cf. 
Fig. 15). Its velocity decreases, hence the pressure increases. At the end 
of the channel there is atmospheric pressure, po , hence the pressure in 


Torricelli was a pupil of Galilei, he lived before Bernoulli’s time and could not 
have used Bernoulli’s equation in obtaining this result. 
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the channel p < po . Since underneath the paper there is atmospheric 
pressure py , an overpressure po — p acts from below, or as one might 
also put it, there is suction from above. When this experiment is carried 
out on a larger scale with a jet of compressed air directed against a plate 
that is constrained to move normal to the jet, then the plate can be heavily 
loaded, e.g., with one’s own weight. 

In this experiment and in the preceding one we have applied Ber- 
noulli’s equation to air, although the formulation given in (9) is only 
correct for incompressible fluids. Yet the error caused in this way is not 
very great as long as the velocity of flow is not too large. In general, the 


Fig. 15. Suction produced by blowing against a 
~ QA piece of paper through the slit formed by two 
fingers. The paper is not blown away but lifted 

P< { P<Po toward the fingers. 


Cele 
Po 


corrections due to compressibility are small when the velocity of flow is 
small compared to the velocity of sound (ef. 13, and Appendix). 

We have still to set up the generalized form of Bernoulli’s equation 
in the case of a non-steady flow. Accordingly, we drop assumption (8a), 
but maintain (8) (irrotationality) and (8b) (F has a potential). Now (8) 
is the necessary and sufficient condition for the expression udx + vdy + 
wdz to be a total differential, hence we may put 


(11) udx + vdy + wdz = —d® 
and call © the velocity potential. Then 


a2) 4 8 _ _ 38 
oy * oy’ oz” 
or, more briefly, 
(12) v= — grad © and therefore also a = — grad = F 


It will be noticed that the negative sign in (11) and (12) is unessential;* 
it is put in only to maintain the analogy with the potential of a force as 
in (8b). 

Because of div v = 0, @ satisfies the potential equation (3.17) 


(13). V’S = 0. 


‘Its use has, in fact, been discontinued by many authors. 
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On account of (8), (8b), and (12), Euler’s equations (7) take now the form 


o® 


vy” 
(14) gad (—p 224 5% +74 U)=0, 


which is integrated to 
ab 1 a 
(15) a 1g DP t Mt U) = const. 


Here we have used the notation (3.9c) for the first differential parameter. 

Eq. (15) is the generalization of Bernoulli’s equation for non-steady 
motions. Like (9), it is a first integral of Euler’s equations. Since (15) is 
found by spatial integration of (14), the constant in (15) is certainly 
independent of x, y, z; but it may in general still depend on the time. 
In other words, const is a function of ¢ that has a uniform value for all 
points of the fluid. It must be found from the boundary conditions which 
may very well change with time. It will be noticed that this time de- 
pendence can be included in the definition of the velocity potential & 
since the potential equation (13) determines only the spatial, but not 
the temporal behavior of ®. 

So far we have only considered the case of irrotational motion; the 
question remains what can be done in the more general case where curl Vv 
as not zero. 

A glance at equation (7) shows that also in this case integration becomes 
possible if one integrates in the direction of a stream line, or, in the non- 
steady case along the field line of the vector field v. When this is done, the 
integral over the second term of the left member of (7) vanishes since 
v X curl v is perpendicular to v and does not contribute anything to 
the integration. If we, moreover, maintain conditions (8a) and (8b) 
(steady flow in a field of force that has a potential) Eq. (9) is still correct, 
but in a different sense: the constant on the right side has no longer a 
uniform value for the entire space filled by the fluid, but changes from 
one streamline to the next. We shall call the equation (9), if understood in 
this sense, the modified Bernoulli equation. Its generalization for non- 
steady motion will not be discussed here. 


12. Derivation of Euler’s Equations from Hamilton’s Principle 
The Pressure, a Lagrange Multiplier 


There is no doubt that the concept of pressure in an incompressible 
fluid presents certain difficulties to the physical understanding. The 
pressure is considered a variable of state, but is denied any influence upon 
the way in which the fluid occupies the space, a difficulty, which is not 
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present in a compressible fluid where the pressure determines the density. 
We shall therefore try another approach toward understanding the con- 
cept of pressure in the case of an incompressible fluid, using the ideas of 
Hamiltonian mechanics. 
We subject the mass particles of our fluid in motion to a virtual dis- 
placement 
6S = 6&, On, Of, 


which must not violate, however, the condition of incompressibility, 
6 = 0 (1.24). The expression 


a: 
~ Oa 


06n 
oy 


06¢ 


a div 6s 


(1) 69 or Se 


must therefore vanish. This can be taken care of by providing (1) with a 
Lagrange multiplier \ and adding it to the integrand of Hamilton’s prin- 
ciple. This we write in the form of Eq. (33.10) of Vol. I and obtain’ 


(2) ie dt / de(8T + 8W +80) = 0. 


The integration with respect to dz refers to the entire volume of the fluid. 
The variation of the kinetic energy 67 and the virtual work of the external 
forces 6W refer to the unit of volume in the same way as 60 in (1). Hence 
we have 


(3) T =n 6T = pv: bv 


and obtain for the virtual work 
(4) | 6W = F-5s. 


In (8) we substitute for the actual velocity 


ds 
(4a) vioa 
and, accordingly, for its virtual variation 
ds_d 
(4b) év = OF mar és. 


We now transform the term 67’ by partial integration with respect to t, 
observing that 6s vanishes at the limits f, and t, according to the opera- 
tional rules of Hamilton’s principle. Thus we obtain 


See Jeffreys and Jeffreys, op. cit., 10.06. 
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- ee ‘dv 
5 / ; a : ec = _| dv 
(5) oN dv dt Oa 5s dt . 8 at 5s dé. 


The last term in the integrand of (2) is transformed according to the 
relation 


\ div (6s) = div (Ads) — grad \- és. 


On integrating and using Gauss’s theorem we obtain 
(6) [d div (08) dr = [ 85, do — f grad n-a8 dr. 


The surface integral on the right side will be taken up eventually; right 
now we are only concerned with 


(7) [x aiv COC ee | grad Needs 


Introducing (1), (4), (5) and (7) in Hamilton’s integral (2), we have 


(8) [ae f ar] (-o 8 + F - grad a)-a8] + --- =o, 


Thanks to the introduction of the multiplier \ the variation 6s may be 
chosen arbitrarily within the volume element 7 and the time interval t, 
to t, ; but, with arbitrary displacements, Eq. (8) can only be fulfilled, if 
the volume and the surface integral vanish separately. Thus the factor of 
6s in the scalar product must be zero everywhere inside the domain of 
integration: 


(9) pt + grad d = F. 


This is Euler’s equation written in the form (11.2) provided d is tdentified 
with the pressure p; hence from the point of view of general mechanics, 
the hydrodynamic pressure represents the reaction against the condition of 
incompressibility, since \ was introduced to eliminate that condition. 
This corresponds to the way in which \ was interpreted in the case of 
the spherical pendulum in Vol. I. Eq. (18.7) where the constraint was a 
rigid spherical surface on which the mass point had to remain. The multi- 
plier \ turned out to be a measure of the force that keeps the mass point 
on the constraint.° In the present investigation, the condition of incom- 
pressibility has also been shown to have the character of a rigid constraint 
without energetic consequence; this may help to remove the difficulty 
associated with the concept of pressure in an incompressible fluid. 


6See e.g., Joos, G., Theoretical Physics, Hafner, New York, 1934, p. 110. 
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We should, however, be able to base our argument on the usual form 
of the incompressibility condition and its variation 


(10) div v = 0. 6 div v = div é6v = 0 
rather than on condition (1). Retaining the expressions (3) and (4) for 
67’ and 6W, we rewrite Hamilton’s principle (2) in the form 


(11) i) at / dr{ pv-6v + F-3s + 0! div av} = 0. 


We have denoted the multiplier by \’ to indicate that it is not identical 
with our previous A (if for no other, then for dimensional reasons). We must 
now transform the middle term in (11) so as to have the same independent 
variation dv everywhere. We put 


(12) F = [ra 
and obtain 
dt F-ss = — Tae ay: 
J, aeRas = — | aeF av 


in the last transformation Eq. (4b) was used and the fact applied that the 
terms, which occur in the partial integration and refer to the limits f) 
and ¢, , vanish as before in (5). When we also transform the term with 
the factor \’ as in (7), the volume integral in (11) becomes 


iP me / dx(pv — F — grad 0’): dv. 


The same conclusion that leads from (8) to (9) leads now to 
(13) pv — F — grad’ = 0. 


It is only necessary to differentiate this equation with respect to ¢ and to 
observe the meaning of F in (12), to reobtain Euler’s equations (p is, of 
course, independent of ¢ because of the incompressibility). The result is 


(14) pS + grad p = F with p=——-. 


In this argument the pressure is again given by the Lagrange multiplier 
’ although in a form different from the one we had before. This should 
not be surprising in view of the remark following (11). 

We still have to consider the surface integral occurring in Eq. (6) 
which should give us the surface conditions required for the complete 
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determination of the pressure. On replacing \ by p and 6s, by 6éy, the 
integral reads 


(15) |e dv do. 


Before continuing, we wish to broaden the physical basis of this argu- 
ment by considering another expression of the same structure as (15) 
which takes care of the cohesion of the fluid. In doing so we must for 
once resort to ideas taken from molecular physics. The fluid particles act 
upon each other not only with the pressure p (a consequence of their 
permanent volume as we may put it now), they also interact with their 
close neighbors through short range attractive forces which have their 
origin in the electrical. structure of the molecules. For an inner volume 
element these forces cancel each other because they are in average di- 
rectionally uniform. Not so for an element adjacent to the surface, where 
these forces add up to a resultant N in the direction of the inward surface 
normal. If N is referred to the unit of surface layer, the virtual work done 
by WN in the displacement 6y equals 


6W = —N do bv. 
Thus there appears in Hamilton’s principle in addition to the volume 
integral over 5W, in which the cohesive forces cancel, the surface integral 


(16) [ ewae = - [ N vas. 


This and the surface integral (15) (which resulted from the condition of 
incompressibility) can be written as one integral, viz. 


(17) : il Gay) oy de. 


According to Hamilton’s principle the time integral of (17) must vanish 
together with the first term in (8), whence 


(18) fo @ [ @-m) wads =o. 


The conclusions to be drawn from (18) can be arranged according to the 

following three types of possible boundaries: 

a) The fluid is bounded by a rigid wall. 

b) The fluid has a free surface; it is bounded by vacuum or air. 

c) The fluid is bounded by another fluid, e.g., oil above water, but the 
boundary surface may have arbitrary shape. 
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a) A rigid wall prevents the fluid from moving perpendicularly to it; if 
this be true for the real motion, it must also be valid for the virtual dis- 
placement. Hence 6» = 0 and condition (18) is automatically fulfilled. 
The rigid wall does not provide a surface condition for the pressure. 

b) At a free surface éy is arbitrary. Eq. (18) requires then 


(19) p=N 


for each element do of the free surface at any time ¢. 

c) At the surface of separation between fluid 1 and 2 with hydrodynamic 
pressures p; , 2 and cohesive pressures N, , N. , we first require according 
to (18) that for any do and any ft 


(20) (pi — N,) 6, + (po — N2) 602 = 0. 


However, the contact of the fluids must not be disturbed by the virtual 
displacements. In other words, there must be 


6vy, = — Orn, 


the negative sign originating in our convention about the direction of n. 
Thereupon (20) gives 


(21) D1 —-P=Niu, Nig = N, — Nz. 


Along the surface of separation of two fluids there is a pressure difference 
caused by the cohesiwe forces. It depends on the nature of the fluids and on 
the shape of the surface of separation, but is independent of the motion 
of the fluids. 

Thus not only the differential equations of the problem (in the present 
case Euler’s equations) follow from Hamilton’s principle, but also such 
surface conditions for the pressure as may be imposed, can be found in 
the same way; this will be taken up again in 17 (surface tension). 


13. Euler’s Equations for the Perfect Compressible Fluid 
and Their Application to Acoustics 


The transition from statics to dynamics is made as before in 11 by 
adding the inertial resistance to the external force. We have found it an 
advantage in the compressible case, to refer the external force to the unit 
of mass rather than to the unit of volume, hence we should do the same 
with the inertial resistance which is then simply —dv/dt. Replacing P in 
the equilibrium condition (7.5) by P — dv/dt, we obtain 


dv 1 
(1) qq + rad p = P. 
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These equations supplemented by the equation of continuity (5.4) 
(2) s+ div (py) = 0 


constitute Euler’s equations for the compressible fluid. The p,p-relation 
may be represented by the sufficiently general polytropic relation (7.1). 
The pressure p as well as the density p do now depend on 2, y, z, and t. 

In acoustics we are usually concerned only with small oscillations of 
the air. The difficulties arising from the non-linear terms (11.3a) in Euler’s 
equations can then be avoided: we replace 

dv Ov 

ae ar 
Quadratic terms must be kept, however, when we investigate, as in 37, 
shock-like phenomena such as occur in the firing of a gun. In the present 
case it is useful to take the normal atmospheric pressure pp as reference 
pressure for p; po will then not occur in (1), since it is constant in space 
and drops out if the gradient is formed, while p has the character of a 
small disturbance of p) . As we neglect terms of second order, we may 
write py instead of p in (1) and in the second term of (2), pp being the normal 
density. In other words, we consider p, the derivatives of p, and the 
components of v as small quantities. Finally, it is permitted in acoustics 
to neglect body forces altogether, i.e., to set P = 0. 

Thus we obtain the simple system of equations 


(3) | po Sr + grad p = 0, 
Op ‘ 
(4) at + Po diveve—=0. 


Instead of grad p we may write 
= *P a ee (2) 
(5) grad p = (2) grad p = grad p, =| 


where the constant c is related to the normal state of the atmosphere. 
On substituting in (8) we obtain 

ov 
(6) Poa, +c grad p = 0. 


We are now ready to eliminate v from (4) and (6). Taking the partial 
derivative of (4) with respect to t and substituting for p.dv/dt according 
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to (6), we obtain 
0p 2 . 2 2 
(7) 3p =e div grad p = c Vp. 
The same equation is valid for p, since grad p, and therefore Vp and 


0’p/dt’ are equal to the corresponding expressions in p if the latter quan- 
tities are multiplied with c’ [cf. (5)]. Thus 


(8) op cvV’p. 


The same differential equation also governs the velocity field. It is, of 
course, not the velocity v that satisfies equation (8), but the velocity 
potential ®, provided it exists. For, on putting v = —grad ® according to 
(11.12), (4) and (6) become’ 


9p _ 2 Oa ait 
at = pV ® and Poa, = Cp. 


Here p can be eliminated by differentiation as before, and the result is 
(8) ss =cV ®. 


Equations of the type (7), (8), (9) are called wave equations. They 
play a very important part in the fundamentals of mathematical physics 
in the form of the equation of the vibrating string (one-dimensional, V7 = 
0°/dx”) or vibrating membrane (two-dimensional, 7? = 0°/dx? + @7/dy’). 

Our present problem reduces to the equation of the vibrating string 
if we consider a process that depends on one coordinate only. Eq. (8), 
for instance, takes the form 


Op op 
a ar ax” * 


The integral of this equation can be given in the form of d’Alembert’s 
solution 


(11) p= F(x + ct) + F(z — 4), 


where F’, and F, are real functions, entirely arbitrary except for certain 
continuity requirements (existence of first and second derivatives). In 
fact, any function of x + ct satisfies the ‘differential equation (10); the 


"In the second of the two following equations a “constant,” independent of 2, y, z 
but dependent on ¢ should be added; it can be absorbed in the definition of &, however. 
(cf. p. 89). 


[111.13] DYNAMICS OF DEFORMABLE BODIES 97 


same is true for a linear combination of such functions thanks to the fact 
that we neglected the quadratic terms in Euler’s equations. 

Expression (11) is the general solution of the one-dimensional wave 
equation, since it can be adapted to an arbitrarily given initial state. Let 
it be required that for t = 0 


p = filx), ce = fa(z). 


Then we have only to make 


Fa) + Fala) = fie), File) — FA) = 2 fala). 


This gives directly 


(12) Fae) =43(n@ £4] n@ a), 


The result is illustrated by Fig. 16 in which f. = 0 is assumed. Half of 
the initial pressure disturbance f,(x) moves to the right and half of it 
to the left, both travel without change of shape (undistorted, as one says) 
with the velocity c. The physical meaning of the constant c becomes now 
apparent; it is the velocity of sound. In Fig. 16 the initial disturbance is 


Fic. 16. [llustrating d’Alembert’s solution. The initial pressure distribution (solid 
curve at the center) travels with constant velocity to both sides so that the ordinates 
of the two pressure hills are half the original ordinates, the width being the same. At 
first, the two hills partly overlap, (dotted curve) later they leave an undisturbed space 
between each other (solid curves left and right). 


represented by the “‘hill’’ in the middle. A later state is illustrated by 
the half size pressure hills left and right. In terms of acoustics, the figure 
illustrates the propagation of a noise; the initial disturbance may have 
any shape as a function of x, the pressure being the same at all points of 
a plane normal to x. Or, in terms of the vibrating string, the string is 
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plucked (rather, distorted into an arbitrary plane curve) at the time 
t = 0 and then left alone. In the latter case we should have to complete 
the picture by adding the reflections that the disturbances suffer at the 
ends of the (finite) string. 

In acoustics of speech and music one is not so much concerned with a 
single but with a periodically sustained excitation of the air. Denoting 
the pitch (= frequency) by »v = 1/7 and introducing w = 27v, we assume 
F, and F, in the form of trigonometric functions 


F(a — ct) = a cos (kx — wi + a), 
(13) 
F(x + ct) = b cos (kx + wt + 8). 


(a and b are amplitudes, a and 8 phase constants, k = w/c = 2m/) is the 
wave number, that is, the number of waves on a segment of length 27). 
The plane wave F, travels in the positive and the wave F; in the negative 
x-direction. A superposition of the two waves results in a standing wave 
if the amplitudes a, b are equal. Note the formula 


(14) c= t="°=yp. 


First we wish to learn something about the actual motion of the 
particles whose oscillations constitute these waves. According to (5), the 
gradient of p has the same direction as the gradient of p, that is, the 
+ a-direction; the particle acceleration dv/dt points in this direction at 
any time according to (6), hence the vector v has the +<2-direction. 
The direction of the oscillations coincides therefore with the direction of 
propagation (or with the opposite direction, depending on the phase): our 
waves are longitudinal; transversal waves do not exist in perfect fluids. The 
process illustrated in Fig. 16 is, of course, also a longitudinal wave. 

Complex notation of periodic phenomena is the most convenient sym- 
bolism and very widely used today. When complex exponentials are 
substituted for the trigonometric functions, solution (13) takes the form 


Ae ee A a ae*™, 
(15) 
Bee 3 B = be ‘8. 


Physically meaningful is, of course, only the real part of either expression; 
it agrees with the corresponding right member in (13). This leaves the 
sign of 7 still undetermined; it has been chosen in (15) so as to make 
the time dependent term in both expressions equal to e ‘’’. One may even 
suppress the time factor altogether, and obtains then the following symbols 
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Ae", a plane wave traveling in positive x-direction 
(15a) 


Be***, a plane wave traveling in negative x-direction 


This representation is valid for pressure, density and velocity potential 
with the correspondingly changed meaning of A and B. It will contribute 
greatly to shorten our formulas in Chap. V. 

We still have to say something about the numerical value of the sound 
velocity. Under the assumption of an isothermal change of state the poly- 
tropic exponent n equals 1. Then from (7.1) 


dp _ Po 
dp Po : 
and by (5) 
(16) n= s 


On the basis of standard pressure and temperature we have (p. 44) 


_gr-wt | a _3 gr 
Po = 1033 X 981 ——3 nee po = 1.2938 X 10 aaa 


/1012° 3 cm m 
a 1,293 eas sec = 280 = sec" 
Newton had already obtained this value which is much too small. The 
theoretical formula upon which he based his calculation is 


7" [Elasticity 
(16a) ©=N Density ’ 


which requires some clarification. Actually, the term elasticity means in 
the present case the same as modulus of compression. For an elastic solid, 
this is given by (9.13); the corresponding definition for a gas would be 

dp 


een _—_% 
Ee with ike) a 


and consequently 


or, 


(16b) i aa? 
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Thus (16a) becomes 


in accordance with definition (5). 

The question arises, however, whether the assumption of an zsothermal 
change of state can be justified. It was Laplace who first noticed that 
heat exchange between the fluid particles should be practically impossible 
because of the rapidity of the oscillations; hence the change of state should 
be considered adiabatic. The polytropic exponent is then no longer 1 but 
1.4 (p. 50) and we have from (7.1) 


¢P) Po 
1 ; ( =a 
oe dp Las 
The value of the velocity of sound takes up the factor 1/1.4 and turns 


out to be 
(17) c=V/1A4 X 280 = 382 a 


in satisfactory agreement with the experiment.” 

In conclusion we wish to generalize d’Alembert’s method of inte- 
gration for a spherical wave. Let the origin of the wave coincide with the 
origin O of a system of polar coordinates r, 3, y, and assume a spherically 
symmetric distribution of pressure (no dependence on & and ¢). The ex- 
pression for Vp (problem I, 3) is then 


2, _ 1 arp) 
Ne or” 


and equation (8) takes the form 


arp) _ 2 Fp) 
ot or’ * 


Exactly as in (11) the integral is 
rp = Fi(r + ct) + F.(r — ct). 


Any distribution of p and dp/dt given for t = 0 and r > 0 can be repre- 
sented according to this formula and continued for t > 0; the values of 
F, for negative argument must be adjusted so as to keep p finite for r = 0, 


’This difference in the two values of c, which is due to a difference in K , illustrates 
well the fact that the parameters of elasticity depend on the character of the change of 
state (see end of 9), ri 
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Here again, we are mainly concerned with the periodic case which we 
now write according to (15), but without the time factor e*”’ 


A tkr v 5 
(18) p= eae : and (18a) p= Sei respectively. 


The same representation is valid for p and ®. Since the gradient of ® 
coincides with the r-direction the oscillation is longitudinal also in this 
case. 

Kq. (18) represents an outgoing spherical wave: the spherical surfaces 
of equal phase kr — wt = const travel away from O with a phase velocity 


dr _ wo _ 
dimak =e 
Such a radiation process can be considered as produced by a pulsating 
sphere at O. 

On the other hand, (18a) means an incoming spherical wave. The 
surfaces of equal phase —kr — wt = const travel with the velocity 


toward the origin, but this radiation pattern can hardly be realized phy- 
sically. 


Appendix 
Comparison of Compressible and Incompressible Flows.’ 


Since the analysis of flows of compressible fluids presents much greater 
difficulties because of the variable density, the question arises: when is it 
permissible to consider a compressible medium as incompressible within given 
limits of accuracy? This means that a certain prescribed error is admitted 
for the quantity of interest which may be either p or p or v. 

We restrict the following discussion to steady flow and start from the 
equation of continuity. Cross-sections of stream filaments in the com- 
pressible case do not change in the same way as in the incompressible case, 
which is a consequence of the different form of the continuity equation, 
viz., div (pv) = 0 according to (5.4). On integrating the divergence of the 
mass flow over a stream tube between the small cross-sections F and F, 
assumed to be orthogonal to the streamlines, one obtains by Gauss’s 
theorem 


°Cf. also Prandtl-Tictjens, Fundamentals of Hydro- and Aeromechanics, McGraw- 
Hill, New York, p, 224, 
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(19) pFv = pol) = const = M 


where v, v) and p, po are the absolute velocity and density values at F 


and 1p 6 
In the incompressible case, (19) reduces to 


(19a) Fv = Fyvo = const = V. 


The quantities M and V in (19) and (19a) are the mass flux and the volume 


flux through the stream tube. 
We now compute the pressure in the steady flow of a compressible 


fluid and compare it with the pressure in an incompressible flow. Ber- 
noulli’s equation (with no other body force than gravity) 1s according to 
(11.9a) and (7.6b) 


56 + oh — hy + [ P= o, 

but in an incompressible medium one would have instead of (20) 

(202) 3 0° — 08) + g(t — hs) +P — Pe — 0. 

The quantities without subscripts refer to an arbitrary cross-section of a 
stream tube while the subscript 0 denotes the reference cross-section of 


the same stream tube. The evaluation of the integral in (20) according 
to the polytropic assumption p = Cp” yields 


re dp eit (2 = Be) _ lt [en x | 
» P NM—1\p po nm — 1 pol \po 


_ 2 _ Bo (zy a 1] 
n— 1 po L\po : 


Substituting this in (20) and solving for p, we obtain first 


a 1 = 1 , , n/(n—-1) 
(2la) p= pt _* - oe fd (Oo — v0)seg (ome no | ‘ 


(21) 


If we assume 
laa = NM Da 
(21b) 9 (v Vo) + g(h — ho) < aaa ae | 


we may expand the right member of (2la) according to the binomial 
theorem and have . f 


(21c) p= pf = 21 = 1) + alt — hah 34 ye a 
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If all but the linear term of the series are neglected, one reobtains the 
result (20a) as one would expect. 

Let us now estimate the error in the important case of the flow past 
a rigid body. The reference point pp , v is assumed to be at a great distance 
from the body, and differences in altitude are from now on neglected so 
that h = h, . With a view to the later Figs. 46 and 48 we compute the 
pressure p at the stagnation point or simply the “stagnation pressure”’ 
Pp — Po - Since v = 0 [ef. also the definition of the stagnation point in 
(29.7)], we obtain from (21c) 


per ee 
Dp Po: 5 Pe ae 4 
Here we introduce the sound velocity associated with the polytrope under 
consideration. At the reference point which we identify with what was called 
the normal state in (13.17), the sound velocity is 


(21d) Co = (2), = n®. 


Thus the previous equation takes the form 
(22 Soe pee.) 
) P Po ~@ Pets 4c ’ 
and can be compared with (20a), which we now write 
Ls 
(22a) (0) = fi) = 9 Povo - 


The error incurred in computing the stagnation pressure from (22a) 
instead of from (22) amounts to 1% at the most if v < 0.2c) . In the 
case of standard air (n = 1.4, co = 332m/sec) this means vp S 66.4 m/sec; 
if, on the other hand, an error of 10% is admitted, v) should be kept 
smaller than 0.63c, = 209 m/sec. These estimates have been carried out 
on the basis of the quadratic term in (22). 

The change of density associated with the pressure change is obtained 
from (21a) by the polytropic relation. The analogous expansion yields 


7 vee, 
(23) p= p(1 2 oy : 


We now determine the change of v along the stream tube. In the in- 
compressible case (20a) gives with h = ho 


(24) v= a/% + a8 with Ap = po — p and p= pa 
0 


104 MECHANICS OF DEFORMABLE BODIES {111.13} 


On the other hand, (20) gives, with the last value of the integral (21), 


(n—-1)/n 
246 - Ei 2n Be a (2.) | 
= ; = i lon Po 


in the compressible case. On putting again p = p) — Ap and expanding 
as before, one has 


om eye RC EB 


which agrees with (24) except for the quadratic term in Ap. 

Returning once more to the stream tube cross-section in Eqs. (19) and 
(19a), we obtain by logarithmic differentiation of the equation of con- 
tinuity (19) 


dp, OF, dy _ 


Bernoulli’s equation (20) with h = ho can also be written in differential 
form, viz. 


(26) v dv + = = 0: 

and so can the polytropic equation: 

(27) Se 
Pp p 


On substituting for the differentials dp and dp in (25) from (27) and (26), 
one has 


Eee — of) i) 
(28) Pop 4) = 


Note however that ¢ is now the sound velocity at the cross-section of 
interest, /. The corresponding relation for the incompressible case is 
obtained by putting dp = 0 in (27), or c © in (28): 
dF a 
(28a) 7 = Pe ; 
= ‘ 

Comparison’ of the two results shows first that the laws govering the 
change of cross-section are practically identical as long as v < c¢, similarly 
to the laws for the pressure changes given in (22) and (22a). But Eqs. 
(28) and (28a) allow another important conclusion to be drawn. For an 
incompressible fluid, dF and dp have always the same sign, i.e., the cross- 
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section enlarges with increasing pressure and becomes smaller with decreasing 
pressure. For a compressible fluid this is only true if v < c, i.e., in subsonic 
flow. In supersonic flow (v > c) the cross-section enlarges with decreasing 
pressure and becomes smaller with increasing pressure. It is this fact that is 
responsible for the fundamental difference between supersonic and sub- 
sonic flows of compressible fluids, a difference which does not exist for 
incompressible fluids for which the sound velocity is infinitely large ac- 
cording to the definition c = +/dp/dp. We also infer from (28) that the 
cross-section of a stream tube has an extremum when the sound velocity 
is reached (v = c), and we can easily see that it must be a minimum. 

Formulas (19) and (19a) play an important role in hydraulics. They 
serve to determine such flow cross-sections as occur in piping systems, 
valves, turbine bladings, etc. Eqs. (24) and (24a) serve to calculate 
the velocity of discharge from the nozzle of a pressure tank where py is 
the (constant) inside pressure and p the (constant) external pressure; 
Vo may be assumed ~ 0 in good approximation.—Formula (24a) is named 
after de Saint-Venant and Wantzel (1839). 

The Laval’® nozzle is of particular interest in this connection. It serves 
to change energy of high pressure and low velocity into energy of low 
pressure and high velocity as any nozzle does, but the peculiar feature of 
the Laval nozzle is that the velocity of discharge can exceed the sound 
velocity. In accordance with our results, its design must be such that 
the cross-sections decrease until sonic speed is reached and then increase 
again. 


14. Dynamics of the Elastic Body 


The dynamic equations of the elastic body follow again from the static 
equilibrium condition by adding the inertia force to the external force F. 
Displacements in a solid can always be considered as small (only at the 
yield point, that is, beyond the limit of purely elastic behavior consider- 
able displacements occur, cf. 39). The material derivative may, therefore, 
be identified with the local derivative and the inertia force per unit of 
volume becomes —d’s/dt’, where s = ig + jn + kf. 

Writing the static equilibrium condition in the form (8.12), we obtain 
as the differential equation of elasticity 

g's 


2 
Ss ‘ 
(1) pa = Divo + F, 


10Devised by the Swedish engineer de Laval, who also invented a good separator and 
the first usable steam turbine. 
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or, spelled out in Cartesian coordinates as in (8.11), 


oie ee 


Pate” ax | oy 
a a aes IO yy 90 zy F 
a ae 0c. Oy: oot 
2 y ia. 
Pye eg) gy tees ay 


Using, however, form (9.18) of our fundamental equation which is prefer- 
able for what follows, we obtain the elastic differential equation in the 
form 


as 


pops (u + A) grad 0 + pV’s + F, © = div s. 


(1b) 
This equation refers to Cartesian coordinates; a more general equation is 
obtained when one starts from Eq. (9.19) instead of (9.18). 

We are here mainly interested in free oscillations, therefore put F = 0. 
From (1b) it follows directly that there will be waves of dilatation as well 
as of distortion, the first having longitudinal, the latter transversal character. 

Waves of dilatateon. On taking the divergence of every term in (1b), 
we obtain 

00 
Oot 


= (4 + d»)V’O + yw div V’s 


and may replace 
divV’s by V’ divs = V’O. 
In this way we obtain the simple scalar equation 


2 


(2) p ae = (2u + A)V’e. 


By comparison, e.g. with (13.8), the velocity of propagation of the waves of 
dilatation, which we denote by a, is seen to be 


(3) a? = eA 
p 


For a one dimensional or spherically symmetric state the periodic solu- 
tions obtained by d’Alembert’s method (13.11) for the infinite elastic body 
are of the form 


; A 
(4) - e* or =e k= a” 
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They are plane or spherical waves with circular frequency w that travel 
with the constant velocity a. 
Waves of distortion. On taking the curl of Eq. (1b) term by term and 
putting as in (2.19) 
curl s = 28, 


Eq. (1b) yields because of curl grad = 0 


2 


(5) p cs = "V's. 


Here $ represents in magnitude and axis the angle of torsion of the volume 
element under consideration. Comparison with (13.8) shows that the 
velocity of propagation of the waves of distortion, which we denote by b, 
is given by 

2 lad 
(6) b aK 
This is the reason why Lamé’s modulus y is sometimes called the torsion 
modulus, as already mentioned on p. 68. Again d’Alembert’s method 
gives plane and spherical waves that are represented by (4) in the same 
way as the compression waves, provided that the wave number k is now 
w/b. The comparison of (3) and (6) shows immediately that 


2 — 
a> 0, since Geet» 2 aap 


as for the last term, cf. (9.11). For iron with » about 0.3 (see p. 65), we 
obtain a/b = +/7/2 = 1.87. 

The meaning of this is obvious: the elastic resistance of solids against 
changes of volume is considerably larger than that against changes of the 
relative orientation. The absolute value of 6 in a solid is, of course, still 
much larger than the sound velocity ¢ in air. With the data of pp. 65, 
68, and with p = 7.8gr/cm* for iron, the value of b is found to be 
3100m/sec. Both formulas (3) and (6) for a and b can be subsumed under 
Newton’s rule (13.16a), provided the term elasticity is suitably specified 
in each case. 

The compressional waves and the waves of distortion considered here 
are three-dimensional waves progressing in an elastic body without bound- 
aries. In addition, there exist surface waves that are bound to the free 
surface of the body and have a special importance for seismic phenomena; 
they are dealt with in 45. The surface waves travel more slowly than the 
three-dimensional waves, that is to say, the earth puts up more elastic 
resistance against the latter than the former. They constitute the principal 
parts of the observed earthquakes, while the three-dimensional waves that 
arrive earlier are observed as preliminaries. 
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15. The Quasi-Elastic Body as Model of the Ether 


In 19th century physics, a material carrier was assumed for the optical 
phenomena, equipped as far as possible with the properties of ordinary 
elastic bodies. This construction, however, led to difficulties even in the 
most elementary problem of reflexion and refraction, about which more 
in 45. As early as 1839 MacCullagh tried to drop the connection with the 
ordinary theory of elasticity with the aim to develop a representation of 
optics that would be free of the difficulties mentioned. It turned out later 
that his theory agreed formally with Maxwell’s electro-magnetic optics 
(1864), in particular as far as the optics of transparent bodies is con- 
cerned. The following remarks should be considered as an interpretation 
of MacCullagh’s equations. 

Let us go back to the beginning of 1. There the general locomotion of 
a continuous medium was decomposed into the three parts of translation, 
rotation, and deformation. The elastic body responds to a deformation 
with a stress tensor which is determined by the deformation tensor; it is 
not sensitive to rotation (and, of course, not to translation). We now try 
to imagine a “quasi-elastic”? body, supposedly insensitive to deformations 
but responsive to rotations relative to absolute space! Since the rotation has 
the character of an antisymmetric tensor (1.12a) we shall assume that 
the stress acting on the volume element as a result of the rotation is also 
an antisymmetric tensor, as indicated in the following array: 


0 Tuy Caz 
(1) ‘ Tyz 0 Cyz ) Oi, = Oni - 
Gas Cae 0 


The stress-rotation relation here assumed is illustrated in Fig. 17. Let 
the volume element Ar be twisted through the angle ¢, (indicated by 
the right hand screw arrow about the positive z-axis). To produce or 
to maintain this rotation we need—this is our hypothesis—a moment 
about the z-axis 


(2) M, = ke, Ar. 


The quantity k could be called the “twist modulus” of the quasi-elastic 
body. The moment is associated with two shear stresses o,, and —a,, 
across the positive z- and y-surfaces and with corresponding anti-parallel 
shear stresses across the negative z- and y-surfaces, all indicated in the 
figure. In order to be in accordance with (2) and (1) we have to put 
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Fic. 17. Strain and rotation in the Jy 
“quasielastic” body. 


- Oxy 


Q | © ay = ~ on = Ke, 
This assumed, the moment originating at the two z-surfaces (see the 
analogous argument that accompanies Fig. 10) is 


2o,,Ayhz - = = 5 g.At 


and the moment originating at the two y-surfaces 
A k 
= 2o,.-Arke~ a = 9 PAT, 


so that the total moment is in fact that of equation (2). By rotation of 
the letters we obtain from (3) 


k k 
(3a) Oy, = Oxy = 9%» Cs2.—= = Ory = 9 Py . 


The equation of motion of the quasi-elastic body follows now from (14.1a). 
In applying this equation we have to assign inertia to the volumé element 
of the ether and to consider its displacement as small, since we previously 
neglected the quadratic convective terms in putting du/dt = du/dt. We 
also disregard any external forces (F = 0). In this way we obtain from 
(14.1a) with the use of (3) and (3a) 


OR iy I ea 


or, written in vector form, 


k 
(4) Pay = 3 curl 6. 
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This is the equation of motion of the ether; it must be supplemented by 
the relation between v and the angular velocity #, which reads 


6g _ 1 
(5) a Tg ly 
where o = dé/dt was replaced by 06/dt. As a further assumption we add 
the incompressibility of the ether; we also note that $, being the curl of 
the displacement vector, has no divergence. Thus v and @ are subject to 
the following conditions 


(6) divv=0, dive=0. 


The system of equations (4), (5) and (6) is of impressive simplicity 
and symmetry. It is formally identical with Mazwell’s equations for the 
empty space! 

Before elaborating this statement, let us introduce the following 
notations: E = electric field strength, H = magnetic field strength; a, 8 = 
factors of proportionality that depend on the choice of units for # and H. 
Now we put 


either a) Vv = +ak, $ = +8H, 


or b) vV = +oH, 6 = +E. 


The signs in these equations depend on the signs chosen for the units of 
the electric charge and magnetic pole strength. Eqs. (4), (5), and (6) 
assume then the form 


o & = curl H, diy E = 0, 
(7) 
po t= — curl E, div om 


for the choice a) as well as for the choice b). The abbreviations € , uo are 
known as the dielectric constant and permeability of the vacuum; in our 
notation they are given by 


2 2 
(a) ae to = =, 
(b) w= Pe, ga 


Their product is independent of the choice of the units a, 8, since we have 
in either case 
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- 4 1 
(8) €oMo = a Sarees 


The quantity c defined in (8) has, physically, the meaning of the velocity 
of light in vacuum. It can be included in Newton’s rule (13.16a) in analogy 
to the sound velocities in 13 and 14, when the word elasticity is given 
the meaning of one fourth of the “twist modulus” k. 

It is by no means our intention to assign any physical reality to this 
“ether model”. Physicists had convinced themselves by the turn of the 
century that all attempts at a mechanical explanation of Maxwell’s 
equations were doomed to failure. What we mean here is not a mechanical 
explanation but, at best, a mechanical analogy. Maxwell’s equations are 
among the fundamentals of the electrical theory of matter, so one should 
not expect that they can be derived from the macroscopic properties of 
ponderable bodies. On the contrary, they seem to stem from the same 
root as general gravitation, that is, from the space-time metric, according 
to a recent paper by Schrédinger.*’ Our remarks, however, may have 
some justification inasmuch as they show: if we were to construct an 
“ether” as a substratum for Maxwell’s equation, then we would have to 
furnish it with qualities that are diametrically opposed to those of ordinary 
matter, viz., an absolute directional orientation relative to space in constrast 
to the relative orientation of the volume elements toward each other possessed 
by elastic bodies. 

The following historical remark may be of interest. In an extension 
of MacCullagh’s ideas Lord Kelvin,” in the eighties, developed the con- 
cept of the quasi-elastic or, as he sometimes put it, ‘‘quasi-rigid’’ ether. 
He was not satisfied, only to postulate an ether with reactive responses 
(2), but attempted to construct a gyroscopic model that actually would 
react in the required way. As is well known, a fast spinning top can be so 
arranged as to acquire directional stability and will then respond to 
fairly strong moments with small angular changes only. But an ether 
model, based on gyroscopic effects, becomes desperately complicated. 
Each volume element has to be equipped with several tops that must be 
oriented relative to each other in such a way that the desired rotational 
stiffness is achieved not only for one but for all three axes. A construction 
as complicated as that would be the only way to realize a “gyrostatic” 
ether. 

Lord Kelvin took the point of view marked by a) on p. 110 and corre- 
lated the “twist” of his gyrostatic ether to the magnetic vector H. He 


NE, Schrodinger, Proc. R. Irish Academy 49, 43 (1943). 
2Qi7 William Thomson (Lord Kelvin), Mathematical and Physical Papers, Vol. 3, 


Art. 49, 50, 52. 
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did not commit himself to a definite interpretation of the electric vector 
E, thus abstaining from a complete mechanical representation of Max- 
well’s equations. There is no doubt that standpoint a) is physically more 
evident, since H has the character of an axial vector like $, while E possesses 
that of a polar vector like v. On the other hand, standpoint b) seemed to 
recommend itself because it took care of the pure ether and the insulators, 
but also left space for the conductors in the quasi-elastic picture.’* It was 
Boltzmann™* who pointed out the difficulties involved in standpoint b) 
which are caused by the existence of the true electric charge. Disregarding 
the electrodynamics of conductors, we shall only pursue assumption a) 
somewhat further in the following. In 20 we shall come back to the corre- 
lation b) in connection with Helmholtz’s vortex theory. 

For the ponderable insulator the two principal equations (7) are still 
valid as in vacuum, only the values €) , #9 must now be replaced by «, u. 
The divergence conditions, however, undergo an essential change. In- 
stead of div H = 0 we have now 


(9) div 0 B = uwH = magnetic induction 


and we would therefore correlate B rather than H with the rotation $, 
which would introduce no difficulty. On the other hand the condition 
div E = 0 must be altered into 


(10) div De="5,5 D = cE = dielectric displacement. 


Here p, is the spatial density of the true electric charge. When we now 
correlate D instead of E to the flow velocity v and set up suitable relations 
between the constants ¢, u and k, p, a, 8 we are still able to obtain complete 
formal analogy with Maxwell’s equations for the ponderable insulator. It 
is clear, however, that the existence of the true charge causes difficulty 
also for the standpoint a), if it is desired to maintain the incompressibility 
of the ether. There is, of course, a mathematically permissible but phy- 
sically rather drastic remedy for this difficulty. One simply prescribes 
that the quasi-elastic fluid leaves or enters the field at points that carry 
true charges according to the signs. Where the fluid goes or whence it 
comes is left in the dark. As an apology for this assumption one could 
quote the example of the great Bernhard Riemann’? who makes the same 
hypothesis in an attempt.at a theory of gravitation and electrostatics, in 
his paper: “Neue mathematische Prinzipien der Naturphilosophie’”’, but 


183A. Sommerfeld, Ann. d. Phys. 46, 139 (1892). 

4,, Boltzmann, Ann. d. Phys. 47, 748 (1892), and Vorlesungen iiber Maxwells 
Theorie, Leipzig 1893, Vol. II, 1, p. 6. 

46Ges. Werke, 2nd ed., Teubner, Leipzig, 1892, p. 528. The paper was written 
shortly after Riemann had obtained the doctorate, and published posthumously. 
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it seems to be more correct to admit that no mechanical or quasi-me- 
chanical picture is a suitable representation of the fundamental fact of 
the electric charge. 


We shall have no reason to come back in Vol. III to the model of the 
ether discussed here. The electric charge and the structure of the electro- 
magnetic field must be accepted as entities that transcend mechanics. 


16. Dynamics of Viscous Fluids. Hydrodynamics and Hydraulics. 
Reynolds’ Criterion of Turbulence 


In order to set up the general equations of motion of viscous fluids, 
we have to introduce the inertia force in the equations of uniform motion 
(10.8a,b). F must be replaced by 


d 
[he = | Ao + (grad) v}. 


In this way we obtain the Navier-Stokes equations’® 
ov 
(1) p>, + plv grad) v — wAv + grad p = F 


which are written here in pseudo-vectorial form. In order to put them in 
invariant shape one has to make use of Eqs. (11.6) and (8.10a), viz. 


a 
(v grad) v = grad A —¥ curly 
and 
V’v = grad div v — curl curl v. 


Eq. (1) has to be supplemented in the incompressible case by 
(la) div ¥ = 0. 


In the case of compressible fluids, (1a) must be replaced by (5.4); at the 
same time the additional term —(u + 2) grad 0, that is —(u + d) grad 
div v, has to be added to the left member of (1) according to (10.22). 
Today we consider the Navier-Stokes equations as fundamental for 
the entire theory of fluid flow. Engineers throughout the 19th century 
were, on the contrary, convinced that there was a big discrepancy be- 
tween theoretical hydrodynamics on the one side and hydraulics on the 
other side. It was the British engineer and physicist Osborne Reynolds 


16Navier, 1822, Stokes, 1845. 
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who bridged the gap with his profound experimental’’ and theoretical’ 
investigations. 

He experimented with glass tubes of various diameters at varying 
pressure gradients which amounts to changing the average velocities of 
the flow. (Average velocity means here the mean value of the velocity 
with respect to the cross-section.) Introducing a colored fluid filament into 
the entrance cross-section he observed the behavior of this filament 
throughout the tube. At small diameters and not too large average ve- 
locities the colored filament remains straight and parallel to the axis of 
the tube. At a larger diameter or larger velocity there appear irregular 
deviations that have a tendency to fill the whole tube. The initially straight 
filament becomes fuzzy and finally indistinguishable. In the first case the 
motion is called laminar (proceeding in regular laminations as in the 
Hagen-Poiseuille flow), in the last case it is called turbulent, as suggested 
by Reynolds. 

Reynolds would not have been able to bring order in his experimental 
results, if he had not considered them from the point of view of a “law 
of similitude.’’ Considerations of this character already appear in the first 
beginnings of western physics, as in the work of Galilei.” Generally 
speaking, they consist in the comparison of two experimental arrange- 
ments differing only in scale. 

In our case, consider two tubes of radii a, and a, . Putting 


(2a) Qa. = ad,, 


the number a is the change of the scale of length in the transition from 
experiment 1 to experiment 2. It pertains not only to the radii, but to 
all dimensions of length, such as the coordinates of two “corresponding 
points” in the two tubes. Any two such points are thus connected by 


G2 = aX, Yo2 = ayi, Zo = AZ. 


The average velocities in corresponding cross-sections being v, and v, , 
we put 


(2b) Ue, = Buy. 


“An Experimental Investigation of the Circumstances which determine whether 
the Motion of Water shall be direct or sinuous, and the Law of Resistance in Parallel 
Channels, Phil. Trans. R. Soc. 174 (1883). 

#*On the Dynamical Theory of Incompressible Viscous Fluids and the Determination 
of the Criterion, Phil. Trans. R. Soe. 186 (1895). In connection with this H. A. Lorentz 
Ges. Werke, Vol. I, Leipzig, p. 43. 


In his last work ‘‘Discorsi e Dimostrazioni Matematiche,” 1638. 
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The dimension of velocity being length/time, the number 8 determines 
also the change of the time scale in our transition; this change is evidently 
a/B, according to (2a) and (2b). In addition we allow the two tubes to 
carry two different liquids of different density and viscosity and put 


" (2c) Po = YP. - 


The factor y defines the change of the mass scale which is ya* because of 
(2a) and (2c). 

It is more convenient to use instead of the coefficient of viscosity u 
the kinematic viscosity v defined by 


Again we put 
(2d) 7 oe 6v, . 
We finally compare the pressures in corresponding cross-sections by setting 


(2e) Do = €p: . 


Obviously, ¢« could be expressed by a, 8, y, because of the dimension of p. 
We now write Eq. (1) after division by p once more in a schematic 
way and omit the external force which is here immaterial: 


(3) acceleration —vV’v + 7 grad p = 0. 


The dimension of the acceleration term may be written either as velocity/ 
time or velocity’/length. In the transition from (1) to (2), this term takes 
up, according to (2a) and (2b), the factor 


(4a) z : 


a 
according to (2b) and (2d) the second term of (3) takes up the factor 
(4b) 5 
since the repeated differentiation with respect to the coordinates oc- 


curring in V’v means obviously a repeated division by a length. The 
change of scale in the last term of (8) is finally [by (3), (2a), (2c), (2e)] 


(4c) ae 
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Suppose now, Eq. (3) is obeyed by the flow in the experimental ar- 
rangement 1. If it is to be obeyed also by the flow 2, the ratio of the three 
factors (4a, b, c) must be equal to one: 

2 
(5) By) a eee, 


a OF oY (6) 


This amounts to the following two relations: 


ae 5b = 
5 i (5b) 7B 


The meaning of (5a) in terms of the experimental parameters involved is 
because of (2a, b, d) 


(5a) 


U0, __ U2Ae 
(6) ie mae 
Similarly, (5b) leads by (2b, c, e) to 

SPI S Bae 
2 pot pall’ 


Eqs. (6) and (7) constitute the results of Reynolds theory of similitude. 
In the literature the term Reynolds criterion is usually applied to equation 
(6) only, although (7) is a part of it as well, as we have just seen. It is 
the two relations together that furnish the necessary and sufficient condi- 
tions of hydrodynamic similitude. In what follows we shall make ex- 
tensive use also of equation (7). 

If these two criteria are satisfied, the flows 1 and 2 are either both 
laminar or both turbulent, since the experimental arrangement 2 is 
nothing but a ‘‘mechanical image’ of 1 on a different scale. 

The dimensionless expression defined by (6) is known as Reynolds 
number and denoted” by R: 


(8) Teg 

where the length a may designate any linear dimension characteristic of 
the experiment (such as a distance of two plates, a depth of a channel, 
radii of falling spheres, etc.). The number defined by (7) will be denoted 
by S so that 


(9) Se 


20°Sometimes denoted by Re. 
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The transition from laminar to turbulent flow in particular is a me- 
chanically similar event for the tubes 1 and 2 which is therefore char- 
acterized by the same numerical value of R. This is the critical Reynolds 
number: 


(10) Rerit = (2) ag 
V /erit 

Its value is rather sensitive to the particular form of the entrance section 
of the tube. When a well rounded entrance section in the form of a trumpet 
bell is used, a laminar flow is established from the start and stays laminar 
up to rather large values of R. If the fluid enters the tube from the tank 
through a straight, sharp edged connection, the initial flow is disturbed 
by lateral components which are not damped out by friction at once; 
the transition to full turbulence occurs then at a comparatively low R. 
The critical Reynolds number is between 1200 (very irregular inlet) and 
20,000 (mouth piece with a well-rounded fairing). Thus our statement 
regarding the constancy of the critical Reynolds number should actually 
be restricted to flows with similar initial conditions. 

The question arises: what is the cause of the transition from laminar 
to turbulent flow and vice versa? Our treatment of the laminar flow in 
capillary tubes on p. 78ff does not point to anything like a limitation of 
the flow pattern to small diameters or small velocities; on the contrary, it 
appears that the Hagen-Poiseuille flow is a possible form of the motion 
under all circumstances, but no longer stable if R > R,,;, . Thus Reynolds’s 
criterion appears as a stability criterton dictated by experience; the fol- 
lowing remarks should help to bring it closer to our physical under- 
standing: 

Viscosity tends to smooth out lateral components either initially 
present or produced by the roughness of the tube, it thus favors the laminar 
pattern. The inertia of the fluid requires the conservation of such side 
components once they have come into existence, thus it acts in favor of 
turbulence. In the static treatment of the capillary flow in 10, there was 
no inertia, and side components were entirely out of consideration; thus 
it appeared as if the results obtained there could be extended to arbi- 
trarily large tubes and arbitrarily fast flows. Note also the antagonism 
between viscosity and inertia that becomes apparent even in the structure 
of the expression v = u/p which occurs in the denominator of (8): An 
increase of » permits one to increase the value of va without leaving the 
region of stability; increasing p diminishes that value and favors turbulence. 

This view is also in accordance with the apparent lack of definition 
of the transition point, a fact that could be compared with the well known 
thermo-dynamic phenomenon of super-cooled water. Water can be cooled 
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below 0°C without freezing provided that it is left entirely undisturbed. 
Similarly, the regime of the laminar flow can be extended to larger R by 
carefully avoiding the production of lateral components at the inlet or 
or by the roughness of the walls. 

In order to decide whether there exists at all a sharply defined ideal 
value of the critical Reynolds number one would have to proceed as 
follows: one studies the flow in a sufficiently long tube with sufficiently 
smooth walls at a sufficiently large distance from the inlet. Initial flow 
irregularities in the region of the inlet will have enough time to attenuate 
in the stable case without the interference of side components newly 
created at the wall. If now at certain R-values laminar and at other A- 
values turbulent flow is observed and if the upper limit of the former 
R-values agrees with the lower limit of the latter R-values, the common 
limit would appear as the ideal value of R,,;, .”’ Such an experiment can- 
not be carried out practically, therefore the large variation of the values 
of R.,i, given in the literature.” 

The transition to turbulent flow becomes apparent not only in the 
change of the flow pattern, but also in the change of the pressure-law, 
to which we now turn. Here the second law of similitude (9) comes into 
the foreground. We replace p in (9) by the pressure difference II between 
the beginning and the end of the tube observing that the dimensions of 
II and p are, of course, the same. In doing so the length J of the tube must 
now also be considered (the tube in Eq. (9) could have had any arbitrary 
length). Now lJ cannot be related to the dimensionless number in (9), but 
we may use the ratio 1a to rewrite the definition of S as 


ob 
(11) Il = pv Pa 


which is valid for the similar motions 1 and 2 at the same S-value but 
for different subscripts of I, p, v, 1, a. 

We now compare (11) with the formula used in hydraulics to compute 
the loss of pressure head in pipe or channel systems: 


vee. 
(11a) Lae : 


11t seems not impossible that with improved experimental conditions (better regu- 
lation at the inlet and smoother walls) R,,,, may be raised to arbitrarily high values. 
If this should be true, an ideal value would not exist and Reynolds’s stability limit 
would only be of practical value, depending on experimental conditions. On the other 
hand, there seems to exist a definite Reynolds number below which turbulent flow cannot 
be maintained. ‘ 


"They have been systematically investigated according to inlet conditions by 
L. Schiller. 
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Here ) is a pure number, the “hydraulic friction coefficient”, F is the 
cross-sectional area of the flow, U the wetted circumference of the con- 
duit. For a circular cross-section filled with fluid, U/F becomes 2/a so 
that 


(11b) h=X 


© |S 
Qi 


On identifying S with \ and expressing II by the hydrostatic level difference 
h (I = yh = pgh), (11b) becomes identical with (11). 
If, on the other hand, S is identified with the pure number 8/R, so that 


ga 8 Be 
vas pva’ 
the Hagen-Poiseuille formula 
(12) | Tl = Syl = 


is obtained with the only difference that, previously, we had the more 
precisely defined average velocity u,, where we now have v. 

In (11b) and (12) the different forms of the pressure dependence in 
laminar and turbulent flow that was already mentioned on p. 80, be- 
come again apparent: in (11b) the dependence on v and a is in the form 
v/a, in (12) in the form v/a’. We have been able to overcome this con- 
trasting behavior by choosing the number S in two different ways. (Note 
that the definition of S in (9) does not, in itself, teach anything about 
the interdependence of the flow parameters; only the identification of S 
with another non-dimensional combination of flow parameters has the 
character of a physical law.) 

It will be noticed that the hydraulic formula (11a) has the same 
structure as a law of air resistance that had already been used by Newton. 
According to this law, a body having the velocity v relative to air ex- 
periences a resistance proportional to v” (the same is true for the wind 
pressure against a surface at rest). Also in ballistics the resistance law is, 
at subsonic velocities, nearly a v -law. 

A more accurate representation of the pressure losses observed in 
turbulent flow through smooth pipes is possible within the framework of 
Eq. (11) if a weak dependence of S on R is assumed, (that is, S is supposed 
neither independent of R as in (11b) nor ~ R‘ as in (12)). The following 
assumptions have been tested for larger P-values 


(13) S = Ni” and S == No + Nice 


with x = 1/4 to 1/5 in the first formula (13) and with somewhat larger 
values of x in the second one. 
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The hydraulic v’-law (11a) is modified by the first formula (13) (Blasius 
formula, « = 1/4) tov® * which agrees almost exactly with old observations 
of Hagen and Reynolds (cf. also problem III, 2). For more details about 
the pressure in the transition region and the influence of roughness see 
L. Prandtl’s “Strémungslehre”’, Braunschweig 1949, which can be con- 
sidered as a source book in this field.” 

The change of the pressure law at the critical limit is schematically 
represented in Fig. 18: At small velocities v < »,,;, the linear law of 


& 


Fic. 18. The pressure gradient as a function of the mean 
velocity v. At the critical point A the laminar flow becomes 
turbulent. 


Ve Verit 


Hagen-Poiseuille, at velocities v > v.,;, the increase according to v”“. 
The broken line that continues the straight branch beyond A represents 
the possible increase of the stability limit A. 

The change of the pressure law at A is accompanied (‘‘caused”’ would 
perhaps be the better word) by a noticeable change of the velocity dis- 
tribution over the cross-section. In contrast to the parabolic distribution 
of the laminar case, the time average of the velocity in turbulent flow is 
practically constant over the interior of the tube; only in the close vicinity 
of the wall it drops quickly to zero, satisfying the boundary condition 
v = 0. 

The contrast laminar-turbulent occurs not only in circular tubes or 
pipes with other cross-sections, but can also be observed in the flow 
between two plates at rest. This flow pattern, a two-dimensional analogy 
to the Hagen-Poiseuille flow, was treated in problem II, 3a. The parabolic 
velocity profile which is also characteristic for this case is shown in Fig. 19. 

If the parabolic cylinder of Fig. 19 is cut along the symmetry plane 
y = h, that is, if only the lower half of the flow pattern is considered, 
one obtains the velocity distribution in a stream in laminar motion 
(strictly speaking, the stream is infinitely wide). Let the bottom of the 
stream form the angle a with the horizontal (Fig. 19a), so that the com- 
ponent of gravity pg sin a replaces the pressure gradient of the previous 
figure. L. Hopf’* (Munich thesis, 1909) made a careful investigation of 


For pipe flow compare J. C. Hunsaker and B. G. Rightmire, Engineering applica- 
tion of Fluid Dynamics, McGraw-Hill, New York, 1947, Chap. VIII. 
*4Partly published in Ann. d. Phys. 32, 777 (1910). 
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the experimental realization of such a laminar stream stabilized by viscous 
forces, and of the limits of its stability. The critical Reynolds number in 
this investigation was found to be R,,;, = vh/v & 330. 

An even simpler case of laminar motion develops from Fig. 19 when 
one of the plates is at rest while the other moves with constant velocity 


Fie. 19. Laminar flow between two Fig. 19a. The “river in laminar flow” 
plates at rest. under the influence of gravity; free surface 
at y = 0. 


U. The velocity profile is here linear for laminar flow (cf. Fig. 19b). On 
denoting the flow velocity by u, we have 


(14) C= U and, of course, j) =) Sai) 


The flow proceeds parallel to the x-direction; it should be noticed, 
however, that this flow is not irrotational although there seems to be 
no rotation involved in it: 


Because of its particular analytic simplicity, (14) is the preferred flow 
for theoretical investigations of stability (cf. 38). 

Following Couette,” an elegant realization of this flow can be made 
by means of two coaxial cylinders. When the inner cylinder is at rest 
and the outer cylinder moves with a circumferential velocity U, transition 
to turbulent flow occurs according to Couette at a Reynolds number 
Roi, = Uh/v = 1900 where h is the thickness of the fluid layer. The 
converse case where the inner cylinder moves has been thoroughly in- 
vestigated by Taylor.” 

In this discussion we have only scratched the surface of the turbulence 
problem. Central questions such as: “What is the reason for the insta- 
bility?” “Is it possible to give a mathematical description of the turbulent 
fluctuations of the velocity?” “Is the turbulent state contained among 


253M. Couette, Ann. Chim. Phys. 21 (1890). 
*Sir G. I. Taylor, Phil. Trans. 223, 289 (1923). 
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the solutions of the Navier-Stokes equations?” have not been touched. 
No complete answer to these questions to which we shall return in 38 
seems possible today. 


Fic. 19b. The laminar rectilinear flow between a plate at 
rest and in motion may be considered as the limiting case of 
the Couette flow between coaxial cylinders. 


17. Some Remarks on Capillarity*‘ 


The molecular forces of cohesion that are responsible for the phe- 
nomena of capillarity have already been encountered at the end of 12 in 
the form of the normal pressure N acting on the fluid surface (Laplace’s 
theory). For the purpose of a short survey, however, it is more con- 
venient not to adopt Laplace’s” starting point but to follow Gauss” who 
proceeds from a minimum principle for the surface energy; the normal 
pressure N of Eq. (12.16) will be derived from this minimum principle. 

We stipulate that there acts within the surface F of the fluid an every- 
where equal surface tension T in tangential direction: F is, as it were, 
covered by a membrane which does not by itself possess elasticity of 
form. Its resistance against deformation (comparable with that of a thin 
rubber skin) is furnished solely by a tangential tension T that acts along 
the border of the membrane in the direction that is normal to the border 
and lies in the tangential plane. 

We start with a simplified case, restricting ourselves to a cylindrical 
fluid surface or, which amounts to the same, to a membrane of cylindrical 
form. The tension equilibrium in such a membrane is the same as that of 
a vibrating string the instantaneous shape of which coincides with the 
profile of the cylinder. 

Let u be the displacement of the string between two neighboring 
points P and P’ and As their distance. We separate this segment from the 
rest of the string by cuts at P and P’ (ef. Fig. 20a). To make up for the 


7Since we wish to treat the phenomena of capillarity only to such extent as is indis- 
pensable in a textbook on general hydrodynamics, we refer for a more complete repre- 
sentation to H. Minkowski’s carefully written article in Enzyklopaidie d. Math. Wiss. 
Vol. V, 1 p. 558: there the reader will also find a molecular-theoretical explanation of 
capillarity which is more complete and cuts deeper than our purely phenomenological 
remarks. 

*Mécanique céleste, Supplément de l’action capillaire, 1806. 

Principia generalia theoriae fluidorum in statu aequilibrii, (1830). 
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effect of the two remaining pieces, we introduce the tensions T and T’ 
acting in the tangential directions of the string.*? They are both equal 
in magnitude to the tension to which the string is subjected (say, by the 
peg at the end) but are not parallel to each other. Let Ae be the change 


Fie. 20a. The tension T of a vibrating 
string and the corresponding restoring force 
N. At the same time this is a cross-sectional 
diagram of a cylindrical liquid surface. 


of the slope corresponding to As, and AT the closing side of the force 
triangle with sides T and T’ (insert of Fig. 20a). The magnitude of the 
vector AT is then 

ATS T | Ke | 


and its direction is perpendicular to the arc element As. The resultant 
force acting on As equals — AT. Instead of this, we introduce the resultant 


force per unit of length N so that NAs = — AT and consequently 
(1) Nas = 7 ||Be |. 
On the other hand, the curvature 1/R is given by 

1 _ Ae ax” 


(2) aa R cs Labia As 7 (1 ane 
Ox 


where wu is the deflection of the string and x the abscissa taken along the 

undeflected string; in the denominator of the last member we must take 

the positive value of the square root if s increases with x, which we assume. 
Eas. (1) and (2) determine the magnitude of N: 


1 
ese le 
| R | 


The direction of N points always to the concave side of the string. 


N= 


Note that the dimension of 7 here is that of a force while in the following two-di- 
mensional case 7 has the dimension force/length. 
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Let us now slightly extend the meaning of N by providing it with 
a + or — sign according to whether Ae is negative or positive. (In Fig. 
20a, N is thus positive.) If, in addition, we adopt the lower sign in (2) 
which makes R 2 0 if Ae < 0, we may rewrite the last equation for the 
modified N: 


1 
(3) Nae © 
or, for sufficiently small deflection, 

Ou 
(4) =e 


From (4) we derive immediately the differential equation of the 
vibrating string mentioned in the context of Eq. (13.9). We have only to 
state the equilibrium between the external force in + u-direction (that 
is —N) and the inertia force of the unit length of the string —pd°u/dt’, 
and obtain 


(5) Pa aes 


where p is the linear density of the string. 
If we now pass from a cylindrical to a surface of double curvature, 
(4) has to be replaced by 


6) N = (¢ ze zr, 


where R, and R, are the two principal radii of curvature at the surface 
point under consideration. While in general the surface normals at two 
infinitesimally distant surface points do not intersect, but are skew to 


Fic. 20b. A vibrating membrane of double curvature; Ri 
and FR; are the radii of curvature of the two principal sections. 
At the same time this represents a liquid surface of the same 
shape. 
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each other, surface normals along the principal directions do intersect, 
and it is exactly this circumstance that defines the principal directions. 
The radii R, , R, are then explained as the reciprocals of the curvatures 
of the two principal (normal) sections. Denoting their centers of curvature 
by C, and C, respectively (see Fig. 20b), we now investigate the equilibrium 
of the surface tensions T acting on the infinitesimal rectangle As,As, of 
Fig. 20b oriented parallel to the principal directions 1 and 2. If one con- 
structs the force triangles for either principal section as in Fig. 20a one 
obtains two concluding sides AT, and AT, and from them two normal 
pressures NV, and N, as in equation (4). The normal pressure N in Eq. (6) 
is evidently obtained by adding N, and N, . 

From (6), the differential equation of the vibrating membrane follows 
directly in the form mentioned in the context of Eq. (13.9), if one puts 
according to (3) and (4) 


1 a” 1 a” 
(7) Rie epee aa 
R, Ox R, oy 
and substitutes for N the inertia force 
au : 
N=-—p OF? (p = surface density). 


The equation thus obtained from (6) 


fu (yy) ot 
(8) EY iae =e Ox” + ay” 3 c¢ = p 
is not only correct for coordinates taken in the principal directions, but 
because of the invariance of the V’-operator for arbitrary Cartesian co- 
ordinates x, y, too. 

The quantity 


(9) Ma=pte 


that occurs in (6) is the mean curvature of the surface, while the measure 
of the curvature’ introduced by Gauss 


iL 
(9a) K= BRR 


2 


is called Gawss’s or total curvature. 


31Minkowski loc. cit. defines the mean curvature M = 1/2 (1/Ri + 1/R2) which 
corresponds better to the idea of a “mean” curvature. We retain the usual definition 
(9), which is, of course, irrelevant for the following results. 
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Our remarks about the vibrating string and membrane seem to be a 
digression from the subject of capillarity, but actually Eqs. (4) or (6) are 
applicable, as they stand, for the capillary surface skin in a cylindrical 
or more general form. They can be introduced in Eqs. (12.19) or (12.21), 
which were derived from Hamilton’s principle, and determine therefore 
the surface condition for the hydrodynamic pressure p. 

Let us first take a free surface such as water bounded by air; then 
p = N according to (12.19). For a cylindrical surface (realized by a capillary 
wave traveling, e.g., in x-direction), N is given by (8) or (4), and we have 

2 
(10) cs or p= =7 oa ; 


where in the second equation the displacement u relative to the rest 
position is supposed to be sufficiently small. We shall come back to this 
equation in 25. Likewise we have for a surface of general shape according 
to (6) 


1 1 
(i) p= ies + ) 

Here as well as in' (10) p is the (hydrodynamic) pressure in the fluid 
over which the capillary lamina is spread out.*” 

A soap film subtended by a rigid boundary curve (a wire loop bent 
in some way) can be considered as an isolated capillary lamina devoid of 
the fluid body by which it is otherwise supported. Since the air pressure 
on both sides cancels, p = 0, and according to (11) the mean curvature 
M is then also zero. The same condition would, of course, be true for an 
actual membrane in equilibrium if subjected to the same boundary con- 
ditions; the equilibrium condition V*u = 0 as it follows from (8) agrees 
with (11) when p = 0, provided the membrane is approximately plane. 

The vanishing of M means that the two principal radii of curvature 
are numerically equal but opposite. A surface with this property is called 
a minimal surface. lts area F is smaller than that of any neighboring surface 
with the same boundary curve. This is easily understood from the capillary 
standpoint: The tensional energy U stored in the capillary film is 


(12) U =T-F, 


“As a supplement to Eqs. (10) and (11) we should like to emphasize that there is 
also a pressure load on the plane, undisturbed :surface termed internal pressure by 
van der Waals. As indicated on p. 98, it is a consequence of the molecular attraction. 
The surface tension T is present on a plane surface too, but it becomes active only on a 
wavy surface where it changes direction from point to point. 


Es 7] DYNAMICS OF DEFORMABLE BODIES 127 


A virtual displacement at constant T with the boundary kept fixed pro- 
duces a change of energy 


(13) 6U = TSF. 


This, on the other hand, is the virtual work which is supposed to vanish 
in equilibrium. Therefore 6F = 0 is the equilibrium condition, indicating 
that the surface F occurring in the energy expression (12) must be a surface 
of smallest area. 

This is shown in the following well known experiment:* on a plane 
soap film with an otherwise arbitrary boundary a loop of thread is placed. 
The film inside the loop is destroyed, e.g., by piercing it. Upon that, the 
loop is immediately pulled out into circular form. Since the circle is the 
curve of maximum area for a given circumference the remaining part of 
the membrane has the smallest area for the given (rigid) boundary and 
length of thread. 

In the interior of a closed soap bubble there is overpressure relative 
to the external pressure. The shape of the bubble is spherical if gravity 
is neglected; since for reasons of symmetry R, = R, , the radius of the 
bubble is by (11) 


os 
p 

In a structure consisting of many adjacent bubbles (foam), the pressures 
in the single bubbles or cells will be slightly different. The pressure differ- 
ence along the walls of the structure is therefore constant for any region 
that bounds not more than two cells. According to (11) the entire structure 
is then composed of surface pieces of constant mean curvature. 

Condition (13) applies also to phenomena involving the angle of contact. 
Consider e.g. an arrangement as in Fig. 21 and suppose that, of the three 


sw\> Fe 
Fig. 21. Equilibrium between a liquid (1), air (2), and a rigid P 2 
wall (3); 2 is the angle of contact. 
34d q 


media abutting on each other at P, 1 is a liquid, 2 is air and 3 a solid. 
P is a point of the contact line which we imagine perpendicular to the 
plane of the drawing; if the point P is given a virtual displacement up- 


%34 great many other experiments with accurate description of the soap bubble 
technique in C. V. Boys, Soap Bubbles, London (1931). 
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ward, 5w, the surface of separation F,, is increased per unit of length of 
the contact line by 
6F,, = cos ?-d6w-1, 


where # is the angle of contact, and the surface of contact F’,, is increased by 
6F 13 = dw-l. 
As in (13) we stipulate 
T126F yo + T136F 13 = (Ti. cos 3? + T13)d6w = 0, 
or, since 6w is an arbitrary variation, 


P13 
Ty. 


In order to obtain an acute angle for 3 (water and glass), T;; must be 
negative and | 7,;| < 7, . For non wetting liquids (mercury and glass) 
dis obtuse. 

Capillary elevation and depression are caused by the combined action 
of gravity and surface tension, cf. problem III, 5. As familiar a phe- 
nomenon, however, as a liquid droplet under the action of gravity leads to a 
complicated differential equation that admits only approximate solutions. 
A less complicated problem is the theory of the beautiful phenomena 
known as “‘water bells’’.** 

A complete theory of capillarity is not possible without the use of 
thermodynamic considerations (Gibbs). 

We should like to add that in the original theory of Laplace there is, 
beside the surface contribution to the capillary energy [our equation (12)], 
a second term which is proportional to the volume of the liquid. This term 
is essential in van der Waals’s theory of the liquid state; it corresponds to 
the constant a that occurs in van der Waals’s equation of state of a real gas. 


(14) cose = — 


%4A vertical jet is directed centrally against a circular plate. The liquid leaves the 
plate as a thin film in the form of a surface of revolution, sometimes in the shape of a 
bell. See E, Buchwald and H. Kénig, Ann. d. Phys. 23, 557 (1935) and 26, 659 (1936). 


CHAPTER IV 


VORTEX THEORY 


18. Helmholtz’s Vortex Theorems 


In the paper of 1858 in which Helmholtz gives the kinematic analysis 
of vortex motion (ef. the footnote on p. 1) he also completes the dynamic 
theory of vortices in its essentials. Simplifications in method were found 
in the following decades, but new results were not discovered. 

The main content of Helmholtz’s theory are the conservation laws:’ 
It is impossible to produce or destroy vortices, or, expressed in more general 
terms, the vortex strength is constant in time. This theorem is correct under 
the following conditions: the fluid is inviscid and incompressible; the 
external forces possess a single-valued potential within the space filled by 
the fluid. Apart from the conservation of the vortex strength in time we 
shall see that there is also a spatial conservation: the vortex strength is 
constant along each vortex line or vortex tube, which must be either closed 
or end at the boundary of the fluid. 


1. The Differential Form of the Conservation Theorem 


Following Helmholtz we start from Euler’s equations in the form 
(11.2). Since the external force F has a potential U by hypothesis, Euler’s 
equations can be written 

dv (? + z| 

(1) Ae grad ee” 
The differential quotient on the left side is again the material acceleration, 
that is, the total rate of change of the velocity of the material particle 
under consideration. This leads to the form (11.7) of Euler’s equations 
which can now be written in the following way: 

av a Ys, pt z) 
(2) mo X curl v = — grad G + ar 


1Corresponding theorems have been found in posthumous papers of Lejeune 
Dirichlet, +1859, and were published by Dedekind who edited Dirichlet’s collected 


works, 
129 
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We take the curl of this equation: the right member vanishes because of 
curl grad = 0. On setting @ = 3 curl v we obtain 


(3) — curl (v Xo) = 0. 
We make use of the following well known formula to transform the vector 
product of any two vectors w and V: 


(4) curl (a X v) = (Vv grad) » — (@ grad) v + o div v — Vdivao. 


(This formula is proved, just as the related formula (11.6), by verification 
in Cartesian coordinates.) 
In our case, (4) simplifies on account of 


div v = 0 and ~»~=«. div w = _div curl v = 0, 


and one obtains by substitution in (3) 
Ow 
(5) re + (v grad) w = (@ grad) Vv. 


The left member is the material rate of change of w so that (5) can also 
be written as 


(6) “ = (w grad) v. 
The material rate of change of w 1s zero wherever w ts zero. From this point 
Helmholtz immediately proceeds to the conclusion, that fluid particles 
which were vortex-free at some time remain so for ever. The reasoning he 
may have had in mind could be this: Let o = 0 for ¢ = ¢, , then by (6) 
dw/dt = 0. These two statements seem to imply that, for the mass particle 
under consideration, @ is still zero for t = t) + At. Then (6) implies 
dw/dt = 0 also for t) + At, which is equivalent tow = 0 fort = t) + 2At, 
and so on. 

For a rigorous mathematical proof we need more preparation: Let A 
be a vector associated with the moving fluid (not a “point function”, 


Fic. 22. The flux of a vector through a surface element o 
that moves with the fluid. 


but a “particle function’’) and do a surface element that likewise moves 
with the fluid, changing its shape and position in the course of time. Let 
A,, denote the component of A normal to’do and consider the flux of A 
through do at successive instances t, and ¢, . Corresponding line elements 
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ds, and ds, of the boundaries of do, and de, are correlated to cach other 
by the displacement w = vdt, which is the length of the infinitesimal 
region in Fig. 22. Its top and bottom surfaces are de, and de, and its 
volume dr = w, do . (In view of the limiting process we are going to per- 
form, it does not make any difference whether we identify do = do, and 
w, 1 do, , ords = do, and w, 1 ds.). 

Gauss’s theorem or the definition of the divergence (both amount to 
the same) yields 


(7) | A,do = div Adr = (div A)w, do. 


The integral to the left refers to the boundary of the volume swept by 
do in the time dt. Note, however, that the vector field A is for the present 
kept constant in time. (Think of it as “frozen’’ at the instant ¢, .) 

In Fig. 22 one element of the side surface of dr has been marked. Its 
contribution to the integral is 


A-(ds X w) = ds-(w X A) = ds(w X A),, 


where the subscript s to the last term denotes the component in the direc- 
tion of ds, which makes a right hand screw with the outward normal of 
the top surface. The integral over the side wall thus becomes equal to the 
line integral over the boundary of the surface 


(7a) [ as (w x A), = do curl, (w Xx A), 


a transformation that corresponds to Stokes’s theorem. 
The contributions of the top and bottom surfaces to the integral in 
(7) are simpiy 
(A, do), — (A, do), = 6(A, do) 
(note the opposite orientation of the normals). The right member 6(A,, do) 


denotes the change of the A-flux due to the motion and distortion of de. 
From (7) and (7a) this change is now found as 


(7b) 5(A, do) = (wdiv A — curl (w X A)), deo. 
We have still to take account of the change of the field A itself. The 
change of flux due to this cause is during the time dt 


0A, 
Ot 


dt do 
On denoting the total change of flux by 


d 
di (A,, do)gdt 
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and substituting for the displacement w its value v dt, we obtain finally 
(70) £ (be doves ie ay diy A= teenie 4). de 


This formula, too, was found by He!mholtz,” but in another connection. 
It appears in his posthumous paper about the principle of least action in 
electrodynamics. 

Upon identifying the vector A with the vortex vector o, Eq. (7c) 
which is correct for any direction of the normal n of do, becomes 


(8) a a 65) o — curl (v X 0) de 


since div @ = 0. The right member vanishes because of (3), thus 


(9) © (or dc) = 0 


This equation expresses the theorem of conservation of vortices. The flux 
of the vortex vector has a certain unalterable value for every surface 
element that moves with the fluid. Vortices cannot be created or destroyed, 
or, the vorticity is a convective quantity of the flow; it adheres to the individual 


fluid particle and moves along with it. a ‘if can di F use bt #0, becanke 
He ps V*- term. 


2. The Integral Form of the Conservation Theorem 


We start from the concept of circulation (p. 17) established by Lord 
Kelvin’ with the aim of simplifying Helmholtz’s vortex theory. Identifying 
the general vector A of (2.21) with our v, we consider the circulation 


(10) P= $v, ds= $ (v-ds) = $ (ude +0 dy + wae) 


around a circuit, i.e., a closed oriented curve in the fluid; we think of it 
as of a “material curve” that consists, like a string of beads, of material 
fluid particles, and floats along with them. Let C' be the circuit at the 


Ges. Werke, Vol. ITI, p. 476, cf. particularly the equations (8a), (8b) that refer to 
the vector of the virtual displacement A = { 6, 5, 6¢}. Helmholtz writes everything 
in components, which does not add to lucidity; our notation and derivation corresponds 
to H. A. Lorentz’s presentation in Enzykl. d. Math. Wiss. Vol. V, 2, p. 75, Eq. (5); 
there the equation is shown to be of fundamental importance in the electrodynamics of 
moving bodies. 

3W. Thomson (Lord Kelvin), On Vortex Motion, Transactions R. Soc. Edinburgh, 
Vol. 25 (1869). Reprinted in Mathem. and Phys. Papers, Vol. IV, p. 13. In the same 
volume on p. 1, there is also the paper on vortex atoms often referred to in the popular 
literature: the vortex atoms left no impression on the development of atomic physics. 
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instant ¢ and C’ the distorted circuit at ¢ + At (see Fig. 23). Let ds be an 
are element of C and ds’ the corresponding element of C’. The straight 
arrows in the figure represent the paths of the fluid particles during At, 
drawn for two neighboring particles 7 and 7 + 1; the lengths are 


v, At and Veit. 


The arrows correspond, of course, to the vector w in Fig. 22. Fig. 23 
differs from Fig. 22 only in that the infinitesimal boundary curves of the 
elements do are now pulled out into finite circuits C and C’. The fol- 
lowing calculation is likewise closely related to the previous one. 


Fic. 23. Illustrating the concept of circulation. i 


%% c 


First, we see from the quadrilateral formed by the arrows in Fig. 23 
that 
v,At + ds’ = ds + Wee NG 
or 


ds’ — ds 
(11) ae eee 


We now calculate 


av _ yj rat = i$. _ 6%. $ a 
(12) oe i © v-ds = F ds+ Dv qo 


where I’ stands for the circulation about C’. The expression that appears 
in the last integrand 


a 

dt 
is nothing else but the limit of the first member of (11) for Aé > 0. An 
approximate value of the integral itself is thus found in the sum 


Pe, V, ter Vi). 


If we now go to the limit 7 >~, the polygon --- 7,7 + 1 --+ approaches 
the circuit C and our sum approaches the line integral over C’ 


— 
$vedv= Sv 


ds 


B 


? 
A 
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where A is the arbitrary starting point (corresponding to ¢ = 0) and 
B the end point of the integration, which coincides with A. Thus the 
second integral in the last member of (12) vanishes. 

But the first integral vanishes likewise. According to Euler’s Eqs. (1) 
it equals the line integral of —grad [(p + U)/p], that is 


A 
a. 
p B 


Thus we have according to (12) 


dT ; 
(13) de 0, I = const, 
The circulation taken about an arbitrary circuit that consists of material 
particles retains its initial value throughout the flow. 
The circulation is directly connected with the vorticity present in the 
fluid as we shall show now. According to Stokes’s theorem (3.2) we have 


(14) r= $v-ds = $0, ds = f curl, vdo = 2 [ odo. 


If we now consider an arbitrary surface bounded by the circuit C and 
take at every element do the normal component of the vortex vector o, 
I equals twice the vorticity that passes the surface o. Hence the flux of 
the vortex vector through the surface o remains constant throughout the flow. 
Helmholtz’s vortex theorem appears here in the form of Kelvin’s circulation 
theorem; the contents of both are identical.* 

It is, of course, not necessary to follow a particular surface o chosen 
in (14) throughout its motion, since any surface through C' gives the same 
vortex flux w, do. This is again a consequence of Stokes’s theorem which 


*It is now easy to see that the assumption p = const is not necessary for the validity 
of the conservation theorem. There is only one point in the foregoing proof that has not 
a purely kinematic character, and this is the vanishing of §£ (dv/dt). ds in (12); here 
the compressibility might have an effect. But in the compressible case the integrand may 
be written in the form — grad (® + V) when the notation of Eqs. (7.6b) and (7.7) is 
used, provided that a p,p-relation is given. 

The condition for the validity of Helmholtz’s (or Kelvin’s) theorem is therefore 
the existence of a single-valued “‘acceleration potential” 


P 
1 
i, ; (grad p + F)-ds, 
Pi 
and it does exist when 
1. the fluid is inviseid 


2. the external force per unit of mass, F/p, has a single-valued potential V 
3. 2 p.p-relation exists, 
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permits us to use an arbitrary surface o. But it is required that the circuit 
C' consist permanently of the same material particles. 

Eqs. (13) and (14) become obviously identical with the previous 
Eq. (9) when o becomes infinitesimal. Conversely, we could have derived 
the present result from (9) by an integration over do, but the reasoning 
used here is simpler and less abstract than the previous one and might 
be considered as a supplement not entirely superfluous. 

While Eqs. (1) and (2) represent the differential form of Euler’s equa- 
tions, the circulation theorem (13) could be called their integral form, 
using a terminological distinction taken from electrodynamics. Likewise 
Eqs. (7) appearing in 15 represent the differential form of Mazwell’s 
equations. Besides, there is an integral form of the same equations ex- 
pressing their physical content in the form of relations between line and 
surface integrals, more suitable for a number of purposes. 


3. The Spatial Distribution of the Vorticity 


Following an idea of Helmholtz we consider now the field lines of the 
vector field w: The vector w determines at a given time at every point of 
the field of flow a certain positive direction of the vorticity. Proceeding 
from one point to the next along these directions we describe a vortex line 
in exactly the same way as we describe a line of force in a field of force by 
proceeding along the force directions. Now we take a surface element Ag 
perpendicular to the vortex line which we let pass through a border point 
of Ag, and construct the vortex lines that go through the other border 
points of Ag. In this way a vortex tube is obtained. The circulation about 
the boundary of Ag is according to (14) 


(15) Eeae2e with ph = wg. 


The flux of the vortex vector through the tube or the vortex strength,* as we 
shall also call it, has been denoted by uw. According to (13), u is constant 
in time regardless of the changes experienced by the vortex tube and the 
vortex lines of which its boundary consists. 

However, the vortex strength remains constant also in space, that is, 


“The vortex carried by an element Ag can be characterized by 2wAq as well as by wAg. 
When the first possibility is chosen, the term vorticity is frequently used as a name for 
2wAq, so that the differential circulation AT is directly equal to the vorticity. In this 
book wAg has been chosen as the characteristic quantity and the term vortex strength 
introduced to denote it, while the term vorticity is regarded as synonymous with the 
term vortex vector w = 3 curl v. 

This definition of » also presupposes that the boundary of Ag is oriented so as to 
form a right hand screw with w; « is then essentially positive. In the two-dimensional 
case it is more convenient to give a sign to u (ef. (19.8) and 21]. 
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as long as one proceeds along the same vortex tube (cf. Fig. 24). Since 
div = 0, we obtain, by applying Gauss’s theorem to a piece of the vortex 
tube between the normal cross-sections Ag and Aq’, 


(16) 0= | divodr= [ odo 


where the integration to the right includes Ag and Ag’ and the side walls 
of the tube segment. But w, vanishes on the side wall according to the 


>4q° 


Fic. 24. The flux of the vortex vector through an orthogonal and 
an oblique cross-section of a vortex tube. 


ay 


aq 


definition of the vortex tube. Furthermore, the component w, has the 
value —w at Ag and the value +’ at Ag’, where w and w’ are the amounts 
of w at the respective places. Thus Eq. (16) means 


GL) 0 = w’Aq’ — wg, that is w= pb. 


This finishes the proof. Note also that the same value yp is obtained 
when the tube is cut in oblique direction. With Aq’’ denoting the area of 
such a cut and w/’ the normal component of w at Aqg’’, Gauss’s theorem 
gives as before 


w,/ Ag’ = whg = pu. 


Thus the product of the area of the cut and the normal component of 
the vortex vector is the same for an arbitrary cut through the vortex 
tube. This points to an analogy between vortex tubes and electric currents 
which will be discussed in 20. 

It is an immediate consequence of the constancy of the vortex strength 
that a vortex tube can never end within the fluid. Jt either reaches the 
boundary or it must be closed. 

So far we have silently assumed that is continuously distributed in 
space; the vortex strength uw is then of the same order of magnitude as 
the tube cross-section Ag. But we can consider the limiting case, that o 
is concentrated at single, infinitely narrow, linear regions, in analogy to 
the so-called linear conductors in electricity. The vortex vector w becomes 
infinitely large within those regions while if may have any finite value 
outside, in particular it may be zero. In the latter case we speak of a 
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vortex filament. Its strength has a finite value that does not go to zero 
with Ag and can be written as 
(18) uw = Lim wg. 


Aq@-0 


19. Two- and Three-dimensional Potential Flow 


A flow that is in general irrotational is called a potential flow. The 
term “in general’? means here “with the possible exception of singular 
points or lines.”’ As discussed already in 11, p. 88, the condition of irrota- 
tionality, 20 = curl v = 0, implies the existence of a velocity potential ®; 
in the preceding article we found in addition that a flow remains irrota- 
tional if it starts out as an irrotational flow. In the present article, how- 
ever, we shall consider only steady flow problems so that the question of 
time dependence of © does not arise. Since we shall further assume an 
incompressible fluid all through this chapter, the potential equation (11.13) 


(1) V’e = 0; 


is in general fulfilled in the space filled by the fluid. (For the meaning of 
“an general”’ see above.) 

We wish to investigate the properties of the flow that result from (1). 
This is particularly simple in the case of two-dimensional flow where 


, . P a” ee. 
(2) es 
Let us first compare (2) with the wave equation (13.9) 
ad 106 
i) on’ Ok : 
By putting = y and c’ = —1, (2a) is changed into (2). Since the general 
integral of (2a) is known, viz. d’Alembert’s solution (13.11) 
(2b) = F(x + ct) + F(x — ed), 
we also know the general solution of (2); it is: 
(3) & = 3{f(e + ty) + f*(@ — ty)}. 


The two arbitrary functions of (2b) must be assumed as conjugate complex 
in (3) (indicated by *) in order to make ® real; besides, we have added 
the factor 4 so that ® is directly equal to the real part of f(x + ty). 

The general solution of (2) is therefore given by the real part of an 
arbitrary analytic function f of the complex variable z = x + ty. It is 
then convenient to write this function in the form 
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(4) f@) = (a, y) + VG, 9). 


The imaginary part W, that is, the function conjugate to ®, is sometimes 
called the conjugate potential. In hydrodynamics y is known as the 
stream function. 

To find interrelations between & and W we differentiate (4) once with 
respect to x and once with respect to y, indicating the differentiation with 
respect to the complex argument z by f’(z) as usual. This gives 


I 


2 iQ =7O%= r@=2t+is, 


(4a) 
d MT ome Se 
By elimination of f’(z) results 


O® ov , O® 
dee le (2 + %) - 


Since & and W are real, this relation is equivalent to the two relations 


(5) ac | ye 
the Cauchy-Riemann equations of theory of complex functions. They can 
be expressed in the comprehensive form of one symbolic equation 


o® ov 
(5a) ds an’ 
valid for an arbitrary pair of orthogonal line elements of the x, y-plane 
that follow each other in the same sense as the positive real and the 
positive imaginary axes. When ds coincides with the x-direction (and dn 
consequently with the y-direction), (5a) becomes identical with the first 


W=Const 
— oN 


dn Fic. 25. Equipotential lines @ = const and stream- 
rs lines ¥ = const in two-dimensional irrotational flow. 


:Const 


equation (5); when ds coincides with the y-direction and dn with the 
negative x-direction, (5a) becomes the second Eq. (5). That the relation 
between the directional derivatives (5a) is correct for any other pair ds, 
dn can be easily derived from (5). Thus (5a) is the appropriate vectorial 
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expression of the Cauchy-Riemann equations in invariant writing. When 
the direction ds is made to coincide with a contour line of the velocity 
potential as indicated in Fig. 25, the derivative d@/ds = 0; hence, by 
(5a), the contour line of the stream function coincides with the n-direction 
since in this case 


(6) rc) 
on 
Thus it is seen that the two families of curves ® = const and V = const are 


orthogonal to each other. This is usually shown by cross multiplication of 
Eqs. (5), resulting in 


(6a) grad ®-grad v = 0, 


but (5a) is a direct expression of that fact as we have just seen. 

To justify the term stream function, we turn again to Fig. 25. If ds 
coincides with the contour line of the velocity potential as above, the 
vector Vv = —grad @ points in the direction of dn, but this is the direction 
of the curve Y = const by (6); hence the lines Y = const are the stream 
lines of the flow. 

The families 6 = const and WV = const are not only orthogonal but 
also csometric, that is, the rate at which the functions ® and W increase 
in the directions ds and dn respectively are equal; in other words, if the 
increments of both functions are equal, say 6 = d@ = dW, then ds = dn 
according to (5a). This means geometrically that the curves @ = ¢ , 
Y=c,,@=c, + 6,¥ =c, + 6 form an infinitesimal square. As a conse- 
quence, the image of an infinitesimal figure drawn in the x + zy -plane 
appears geometrically similar in the @ + 7¥-plane: The mapping of the 
x + zy-plane on the ® + 7W-plane is conformal, that is, geometrically 
similar in the small. The scale of the mapping is given by | f’(a + ty) |; 
it changes from point to point, but, at a given point, is independent of 
the direction.’ 


5It is no exaggerated claim that the theory of analytic functions of a complex vari- 
able is identical with two-dimensional potential theory or, in terms of hydrodynamics, 
with two-dimensional theory of potential flow. In particular the methods introduced by 
Riemann in his dissertation (1851), where analytic functions are characterized by their 
intrinsic properties such as singularities, connectivities at branch points, etc. rather than 
by their analytic expressions, have been prompted by his deep interest in mathematical 
physics. The following story reveals in a characteristic way the attitudes of two great 
minds of the epoche toward Riemann’s discovery. On a vacation trip in Switzerland, 
sometime in the seventies, Helmholtz meets Weierstrass, the great mathematician. The 
latter, recently engaged in the study of Riemann’s dissertation, complains that R.’s 
methods were so hard to understand. Upon this Helmholtz borrows the paper and 
when he meets Weierstrass next time, he declares that Riemann’s ideas appear to him 
perfectly natural and self-evident. 
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The simplest example in which we apply the methods of the theory of 
functions to hydrodynamics is the line vortex discussed on p. 35. We put 


(a f(@) = 7A log z (A real). 
Setting z = re‘ we obtain 
f@ = @+ iW = —Ag + 7A logy, 


and consequently 


(7a) = —Ag, Ww = A logr. 
The stream lines are given by VY = const or r = const. The flow velocity 
follows from v = —grad ®. Since in our case ® depends only on ¢, the 
velocity 

1om A 
(7b) xztv=v, = — grad, & = ne We v, = 0 


in agreement with (4.29). 

The origin is a singular point of the flow since v becomes infinite there. 
This singularity appears already in Eq. (7) since f(z) goes logarithmically 
to infinity for z = 0. 

The flow is everywhere irrotational except for r = 0. This must be so 


by virtue of its derivation from a complex function f, and can be verified : 

by computing the vortex vector w, which is here normal to the 2, y-plane, 

in application of the results of problem I, 3: ; 
Bins 1 Os) ee 


r- or Tr 09 


The corresponding calculation in Cartesian coordinates is unnecessarily 
involved; it is carried out here for once: 


v. = Fusing = Fo4 = —-AX, 
r r 
v, = +v cosg = “hye fel 


Thus we have at every point with the exception of the origin 


_ dv, Ov, A _ 2Azx® , A 2Ay? 
<a oy or’ r 27 Fe aad 


According to the invariant definition in (2.21), w can always be com- 
puted from the circulation around an infinitely small circuit enclosing 
the point under consideration. This implies that the circulation around any 
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point with the exception of r = 0 vanishes provided the circuit is sufficiently 
close to the point. If on the other hand the circulation is taken around any 
finite (arbitrarily small) circle enclosing the origin one obtains from (18.10) 


(8) r= pveds= [ode = 2rd. 


I’ is independent of r and therefore the same for any two circles 7, and 
r2 ; this is necessarily so since the circular ring between the two is vortex- 
free. The entire vorticity is thus concentrated at the singular origin. The 
vortex strength* at this point is according to our definition of uw in (18.15) 


(8a) p= WA. 


Viewed in three dimensions, the singular point corresponds to a vortex 
filament normal to the 2,y-plane. A second vortex filament of opposite 
strength » = —v7A is at infinity, when infinity is considered as a point 
of the complex plane as one usually does in theory of functions. Note 
the formula following from (7b) and (8a): 


(9) ve = 


+ |= 


We can have both vortex filaments located in a finite domain, e.g., 
at the points 2 = -tc, if we subject z to a bilinear transformation. Con- 
sider instead of (7) the function 


: ae 
(10) f@ =itA log = ee’ 

and put 

(10a) zg—-c=rne", etc= re’, 


Defining the bzpolar coordinates p and ¢ by 

(10b) p = log”, P= 01 — vr, 
we obtain according to (4) 

(11) &6= —Ay, W = Ap = A log. 


Since all angles » subtended by the segment (—c, +c) have their 
vertices on a circular arc, the equipotential lines @ = const are circles 
through the singular points 2 = +c; but the streamlines Y = const are 


*In the two-dimensional case, we take all circulation integrals in the same sense 
(“enclosed”’ area to the left hand); the vortex strength » can then be positive or negative. 
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also circles since the locus of constant ratio of distances from two given 
points is a circle. Note that the intersection points of any circle ¥ = const 
with the real axis separate the points —c, +c harmonically. Fig. 26 
shows the orthogonality of the two families of circles, it also gives an 
idea of the network of infinitesimal quadratic meshes that is obtained if 
one allows the parameters of either family of circles to change in equal 
increments 6. 

Problem IV, 1 shows how to handle bipolar coordinates. They are in- 
frequently used in mathematical physics, one of the reasons being that 


‘Fic. 26. Superposition of two 
vortices of equal strength and oppo- 
site orientation. The diagram also 
shows bipolar coordinate lines. 


the two-dimensional wave equation is not “separable” in these coordi- 
nates; this is discussed in the same problem. 

Our present function f(z) can be obtained by the superposition of two 
simple vortices of the type (7), one having the center 2 = +c and the 
constant +A, the other the center 2 = —c and the constant — A: 


(12) f(® = 7A log ( — c) — 7A log (2 + 0). 


A circuit of arbitrary shape enclosing +c, but not —c, gives according 
to (8) 


(12a) = ee 


A circuit of arbitrary shape enclosing —c, but not +c, gives according 
to (8) 


(12b) T, = —2rA 


A circuit that encloses both or none of the'two singularities gives T = 0. 
As in (8a), the strength of the vortex filament in +c or —c is 


(13) reel or Mg = —7wA, 
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The field belonging to our present function f(z) can also be obtained 
by the superposition of two fields of the type (9) if 7 is replaced by | z — ¢ | 
and | z2 + c|, respectively. One obtains by superposition 


(14) a. cee a 


—wlze—cl| wletel am ate 


Here $, and @ are unit vectors in the direction of increasing angles ¢, 
and ¢, . This result will be compared in problem IV, 2 with the repre- 
sentation of the same flow in bipolar coordinates according to (11) 


(14a) v= A gradg = ~ grad y. 


We turn now to confocal elliptic coordinates, which are of importance 
for the flow patterns to be treated in Chapter VI. A simple approach to 
these orthogonal coordinates takes on the form of a geometrical analysis 
of the mapping of the plane z = x + ty on the plane ¢ = — + 77 given by 
the following relation 


(15) z= ccosht 
which may also be written as 
(15a) ztiy= : (ef event), 
The substitution 
e*” = cosy +7 8in 7, 

leads immediately to 

x + ty = c (cosh £ cos n + 7 sinh & sin 7). 
Separation of real and imaginary parts on both sides gives now 
(16) x = c cosh é cos 7, y = csinh é sin 7. 


From (16), 7 can be eliminated by the use of cos’ 7 + sin’ 7 = 1, resulting 
in 


(17a) 


2 2 


x 7] 
+ ce’ sinh’ — 


c’ cosh’ £ 


=. 


The elimination of ¢ from (16) by the use of cosh? — — sinh’ — = 1 gives 


2 2 


_ ae y a 
(17b) c’ cos n 320c sin’ 7 


For constant & (17a) represents an ellipse with the semi-axes 


a = c cosh &, b = csinh £. 
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Its eccentricity is given by 
(18a) a/a* — b° =c¢, 


and thus independent of & Thus, if & varies, one obtains a system of 
confocal ellipses with foci z = -kc, y = 0. On the other hand, for constant 
7 (17b) represents a hyperbola with the semi-axes 


a = € COS 7, b = c sin 7; 
its eccentricity is 
(18b) Va+b=c 


therefore independent of » and equal to that of the ellipses given in (18a). 
With variable parameter 7, (17b) represents a system of hyperbolas, 
confocal among themselves and with the system of ellipses, cf. Fig. 27. 


Fic. 27 (left). The system of confocal 
ellipses and hyperbolas € = const and 
7” = const. 


Fic. 27a (above). The mapping of the 
(z + iy)-plane on the (£ + 7y)-plane. 


It is of interest to consider the limiting parameter values £ = 0 and 
£ = o in the family of ellipses: the value § = 0 gives by (17a) the focal 
line 

y¥=0,-c<2a<+e 


and the value = ~ gives an infinitely extended ellipse. 
As regards the parameter 7, note the particular values 


vin 
n = 0, n=+5, n = nr. 


The value 7 = 0 characterizes, by (17b), the part of the real axis to the 
right of c: y = 0,2 > c. 7 = +7/2 corresponds to « = 0, the hyperbola 
coincides with the y-axis. » = -tm gives the part of the z-axis to the left 
ofc:y = 0,2 < —e. 
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In order to obtain a unique relation between the coordinates £, 7 and 
the points of the x,y-plane, & and » must be restricted to a certain domain. 
One way of doing this is to assign the values 0 < » < 7 to the upper 
halves of the hyperbolas, and the values —z < 7 < 0 to the lower halves. 
By this rule the entire x,y-plane is mapped on the strip of the £,7-plane 


(19) Oe ee oar cy < te 


indicated in Fig. 27a. Note that the one-to-one correspondence between 
the z,y-plane and the £,7-strip does not include the boundary of the strip; 
either the upper or the lower half of the borderline must be omitted. 
Or one might also consider boundary points that are mapped on the 
same point in the x,y-plane as identical (viz. 0, +n; & ¥ 0, +7). 

The advantage of elliptic over bipolar coordinates with regard to the 
separability of the wave equation will be discussed in connection with 
problem IV,3. In Chapter VI problems arising from the flow past a plate 
will be treated by means of elliptic coordinates. We shall use a complex 
potential of the form 


(20) ®@+ iv = f(5), where f(© = const-sinh ¢. 


Here, ¢ is thought to be related to z according to Eq. (15) so that f(¢) 
becomes a complex function of z. 

Let us return once more to the simple potential (7), but without the 
factor 7 on the right hand side. Then 


(21) f( = A logz, ® = A logr, Vv = Ag. 


The rays ¢ = const originating at O are now the streamlines. The contour 
lines of the potential are the circles r = const about O. Depending on 
the sign of A, O is either a source or a sink. Note in this connection that 
the general central symmetric solution of the potential equation is the 
logarithmic potential 6 = log 7, save for a multiplicative and an additive 
constant. 

A few remarks about the potential flow in space follow here as a sup- 
plement. 

The central symmetric solution of the potential equation in space is 
the so-called Newtonian potential 

A 

(22) © = ae 
No historical implication is intended, and Newton never spoke of this 
potential; the term should imply that (22) is associated with the field of the 
Newtonian attractive force 


(22a) F = — grad 6 = — Agrad=. 
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The hydrodynamical meaning of & is again the velocity potential of a 
source or sink at O. 

In general, no stream function V can be associated with the velocity 
potential in the three-dimensional case. Only in the case of an axial sym- 
metric flow is it possible to construct a stream function.® For this purpose 
cylindrical coordinates p, ¢, 2 are introduced, z being the axis of symmetry. 
If the problem is axial-symmetric, @ will not depend on ¢ but only on 
p and z. The potential equation (1), the mathematical equivalent of in- 
compressibility, reads then (see problem I, oe 


Z es 1 o® 
23 = 1) 
(23) Ae 
It may also be written in the form 
(23a) ee ee 


ap? ap | az” az 

From this form we can conclude that there exists a function V = W(p, 2) 
such that 

Opus 0). Oo ea 2 


apie dp? dp | deeeme 


If we now put in particular 


ov ob ov O® 
24 = = p— = —p — 


we obtain by cross multiplication 


Ob OV Ae a 
(2 oper oe as) oI 0. 


This implies that in any meridian plane ¢ = const the curves © = const 
and Y = const are mutually orthogonal. In other words, in such a plane 
the lines Y = const coincide with the direction grad ® and are stream 
lines. The function Y may therefore be considered as a stream function. 


From (24) and v = —grad ®, one obtains the velocity components in 
the form 
1 ov 1 ov 
25 = = aa ee 
( ) Vp p Oz ) v; p Op . 


It is impossible, however, to combine & and W to form a complex function 
® + 1W of the variable p + 7z as in the two-dimensional case. If this could 
be done, then the relations (24) should coincide with the Cauchy-Rie- 


Stokes, Trans. Cambridge Phil. Soc. Vol. 7, 1842, p. 439. 
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mann Eqs. (5), which is not the case because of the factor p in (24). 
Also, ® and © would have to satisfy the equation d’u/dp’ + 0°u/d2” = 0, 
but actually © satisfies Eq. (23) and © the equation obtained from 
curl y = 0 by (25); 

2 2. 
(26) oy 1 ov ow 


Op pop on 


0. 


The powerful tool of the theory of complex functions cannot be used 
in three-dimensional potential theory.’ 


20. A Fundamental Theorem of Vector Analysis 


The theorem which we wish to prove here is this: A continuous vector 
field V, defined everywhere in space and vanishing at infinity together with 
its first derivatives, can be represented as the sum of an irrotational field V, 
and a solenoidal field V, : 


(1) ¥ — ¥,, + Me ; 
where 
(1a) curvy; — 0, div Vz — 0: 


Our decomposition charges all sources and sinks of the given field V to 
the component field V, and all vortices to the component field V, so that: 


(1b) div V, =<diy V, curl V, = curl V. 


The representation (1) is unique except for a vectorial constant. 
This fundamental theorem was proved in its essentials by Stokes* in 


"The great mathematician David Hilbert (1862-1943) sharply characterized the 
futility of all attempts in this direction by the following remark: time is one-dimensional, 
space is three-dimensional, however the number, that is, the perfect complex number, 
has two dimensions. 

8In his big paper: On the dynamical theory of diffraction, Trans. Cambridge Phil. 
Soc. Vol. 9, p. 1, reprinted in Math. and Phys. Papers, Vol. II, Cambridge, 1883, p. 243 
and particularly p. 254 ff. Stokes does not yet give an explicit definition of the vector 
potential A. Instead, Vz is calculated by the following formula obtained through a 
combination of our equations (5) and (9) 


nV, = / coun mul Y dr. 


For a rigorous proof see: O. Blumenthal, Ueber die Zerlegung unendlicher Vektorfelder, 
(Mathem. Annalen 61, 235, 1905). His only restriction is that V and its first derivatives 
vanish at infinity while no additional assumption is made about how quickly they 
vanish. It turns out that the component fields V; and V2 need not vanish themselves, 
they may even become in a restricted way infinite. In the following we shall make the 
somewhat vague assumption that V vanishes ‘‘sufficiently strongly”’ at infinity. 
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1849. In a more complete form, it is the basis of Helmholtz’s paper on 
vortex motion of 1858, where it is also proved (implicitly however, and, 
of course, without the use of vector notation). This theorem penetrates 
deeper into the integration methods of mathematical physics than any- 
thing we have done so far; it is of great importance in hydrodynamics, 
but even more so in electro-magnetic theory. We shall prove it in three 
steps. 


1. Calculation of V, . The irrotational vector V, can be derived from a 
scalar potential ® in the form 


(2) V, = — grad ® + const. 
The potential ® satisfies the differential equation 

div grad 6 = V’S = — div V1, 
which because of our condition (1b) may also be written as 
(3) V's = — div V. 


The constant added in (2) for the sake of generality means nothing for 
the determination of ®. From the inhomogeneous potential equation (3) the 
right member of which is a known function, © is determined by Green’s 


~ theorem in the form 


(4) 4n® = [Ma 


(see la below). Here r = rpg is the distance of the field point P, at which 
® is to be determined, from the “source”? point Q which designates the 
place of the volume element dr, that is to say, the coordinates of Q are 
the integration variables. If @ is known, V, is also known from (2) except 
for a constant. 


2. Calculation of V. . One introduces a vector potential A by putting 
(5) V, = curl A + const 
and adds as a further condition 
(6) div A = 0. 


Note: if A fulfills (5), A + grad A, with d being an arbitrary point function, 
does the same; hence an additional condition like (6) may be stipulated. 
Because of (5) 
curl curl A = curl V,, 


which, according to (1b), may be written ° 


(7) curl curl A = curl V. 
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Also here the additive constant in (5) is immaterial. To (7) we now apply 
the vector rule (3.10a) valid for Cartesian components: 


VA = grad div A — curl curl A. 


Because of (6) this reduces to V’A = — curl curl A, hence (7) is equivalent 
to 
(8) V7A = — curl V. 


The components of A then satisfy, like &, inhomogeneous potential equa- 
tions that can be integrated by the following formula, analogous to (4): 


(9) 4rA = fee. 


We shall prove in 2a that this representation of A satisfies by itself the 
condition (6). When A is known, V, is obtained by (5) except for a con- 
stant. 


3. Uniqueness of the resolution V = V, + V. . Suppose there were 
another resolution V; , V3 beside V, , V. . The irrotational vector Vi — V, 


would then at the same time be solenoidal, since we should have according 
to (1b) 


div (Vi — V,) = 0. 


In the same way we conclude that the solenoidal vector V; — V-. should 
at the same time be irrotational since, again by (1b), 


curl (V3 — V.) = 0. 


The calculation of the potentials @ and A for the vectors Vi — V, and 
Vi — V. carried out as in (4) and (9) would yield @ = 0, A = 0. Hence, 
by (2) and (5), we have 


Vi — V. = const, Vi — V. = const. 


Thus the resolution is indeed unzque except for a vectorial constant. For 
more details see Blumenthal, loc. cit. 


la. The calculation of & and A by Green’s theorem. Let us put in Green’s 
theorem (3.15) 


U=6 V= 


a ae 


and apply it to a large sphere with radius R and center O. We know from 
(19.22) that V(1/r) = 0 except for the singular point r = 0 which has 
to be excluded from the integration by a small spherical surface with 
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radius p. First we calculate the surface integral over the p-sphere which 
appears on the right side of (3.15). Let @ denote the solid angle, that is, 
dQ be the surface element of the unit sphere. The surface element of the 


p-sphere is do = p'dQ. Since dn is the outward normal seen from the 
region of integration, we have 

ine -ae 80. 38) 2 

ig Ps on Op’ on dp p p- 


That part of the right member of (3.15) which refers to the p-sphere 
becomes therefore 


(10) efaa+ fF oaa. 


The second integral in (10) vanishes for p — 0, and the first equals 47. 
(Note that the factor ® tends to the value of ® at p = 0). 

We now consider the surface integral over the R-sphere. The same 
consideration as before leads to the following expression for this integral 


(10a) - [ eaa- o2 Rao. 


But this time both integrals vanish provided © goes to zero with R 
and @@/dR vanishes more strongly than 1/R. This is what we want to 
enforce by requiring that V should vanish “sufficiently strongly” at in- 
finity. The sum of the surface integrals over both spheres becomes then 
4r®. 

On the other hand, the first member of (3.15) is, because of (8) and 


V*(1/r) = 0, 
[oe a. 
r 


This finishes the proof of Eq. (4); the proof of (9) follows exactly the 
same lines. 


2a. Proof that div A = 0. We take the divergence of either side of 
equation (8) 


div V’A = — div curl V = 0. 


Since the operators div and V’ are commutative, one concludes that 
u = div A satisfies the homogeneous equation V7u = 0. We carry out 
the integration as before under la) and notice that the surface integral over 
the R-sphere has again the limit zero; while the volume integral that 
appears in Green’s representation of wu is now identically zero. This shows 
that the additional condition (6) for div A is actually fulfilled. 
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3a. More about the uniqueness. When the vector field V is not defined 
everywhere in space, but only inside a boundary surface 2, additional 
surface integrals over 2 appear in place of the vanishing surface integrals 
over the surface of the infinitely large R-sphere. In the calculation of ©, 
for instance, we have instead of (10a) 


1 0@ 
(12) [ oo! d= = ee an Om 
This invalidates the representation (4) as well as our uniqueness proof, 
and the same is true for the representation (9) and the transformation 
(11). In the case of a finite domain it is indeed necessary to prescribe 
suitable boundary conditions on the surface 2, in order to give a definite 
meaning to the resolution “‘irrotational-solenoidal’’. 

Note that in the case of an infinitely extended vector field that is 
everywhere defined the constants in (2) and (5) must cancel each other, 
since the sum V = V, + V, is supposed to vanish at infinity, according 
to our assumption at the beginning of this article. 

Our uniqueness theorem has a well known counterpart in two dimen- 
sions: a function f(x + iy) that is everywhere regular in the complex plane 
including the point ~ is necessarily a constant (Liouville’s theorem). Both 
real and imaginary parts of such a function represent a two dimensional 
potential that is irrotational and solenoidal at the same time; both parts 
must therefore be constants, making f a complex constant. 


4. Representation of a velocity field with given vortices. For the sake of 
simplicity we assume first the entire space filled with a moving fluid and 
identify the vector V with the fluid velocity v. According to the condition 
of incompressibility, div v = 0; hence by (4) V, = 0, and V = v = V, 
(the additive constant has been omitted).Upon introducing the vortex 
vector w which, for the present, we assume continuously distributed in 
space, we have by (9) and (5) 


(13) rae ee il Odr, v= cura. 


The velocity v can be represented by a superposition of the contributions of the 
individual vortex elements wdr. Consider now the vortex tube (cf. p. 136) 
associated with a certain vortex element wdr7, a segment of which having 
the length | As| and cross-section Ag is shown in Fig. 28. If the vortex 
strength » = wdAg [see (18.15)] is introduced, the contribution A’ of our 
vortex element to the vector potential A is given by 


(14) 2rA’ = e As. 
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The corresponding contribution v’ to the velocity of the flow is then 
(15) Y= tulle = ae curl (2 as). 
2r i 


Here the vector »As/r has the direction of As which, according to the 
definition of the vortex tube is identical with the direction w. The operation 
curl to which this vector is subjected refers to the coordinates of the field 
point P for which v’ is to be computed. It is now convenient to introduce 


whe Cas Fra. 28. The contribution of the element As of a vortex 
al tube to the vector potential A and the flow vector v: 
4A 0 


an auxiliary coordinate system, taking As as the z-axis of a Cartesian 
system with origin O at the volume element of the vortex tube under 
consideration.” With A’ = A‘, A! = A! = 0, we obtain from (15) 
0A; BAY 
ee ethe> ee J 
Qrv, = Qn By ie As © ; 
(16) 


, 
dm, = — At 4 & As®, of = 0. 


These three equations can be written in condensed form: 

(17) Inv’ = = As Xr. 

The direction of v’ is orthogonal to As as well as to the position vector 
r = OP; its magnitude is given by 


(18) I \|w |= a1 os 


ind, 
where @ is the angle between As and r. The orientation of v’ follows from 
the right hand rule for vector products. 

The motion at the field point P due to the vortex element pAs is de- 


*Instead of that we could also use the general formula curl fa = f curl a + (grad f) X 
a, which gives (17) if one puts a = As = const and f = y/r. 
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termined by the law (17). The total velocity at P is the vectorial sum of 
the elemental velocities v’: 


(19) v= Dv. 


5. The electro-magnetic interpretation of solenoidal fields. We now com- 
pare (18) with the well known classical law of Biot-Savart 


(20) | dF | = “Fsing, 


where 7 is the current intensity in the element ds of the conductor and 
dF the force acting on the magnetic unit pole at the field point P; 3 and 
r have the same meaning as in Fig. 28; also the oriented direction of dF 
coincides with the oriented direction of v’, given by the vector product 
rule. 

This amounts to a perfect analogy between hydrodynamics and electro- 
dynamics, which, according to a remark of Helmholtz, has helped greatly 
in the development of either science. 

The current intensity 1 corresponds to the vortex strength pw, the current 
density J to the vortex vector w. The Biot-Savart force dF acting between 
an individual current element and the unit pole is the analogue of our 
elemental velocity 2rv’, the magnetic field strength (that is the force on 
the unit pole due to the total system of currents) corresponds (except for 
the factor 27) to the total velocity vector v = Zv’. As a system of electric 
currents is surrounded by magnetic field lines, so a system of vortex tubes 
is surrounded by stream lines. In electrodynamics we speak of the field 
F as induced by the current density J; it is convenient to use the same 
expression in hydrodynamics and to speak of the velocity v as induced 
by the vorticity o. 

This analogy corresponds to the correlation b) on p. 110 that coordi- 
nates the flow v to the magnetic field strength and the rotation (pre- 
viously $ and now w) to the electric field strength. 

In the electromagnetic case all these things become particularly 
simple if one considers linear conductors, that is, wires of sufficiently small 
cross-section. Their counterparts in hydrodynamics are the vortex filaments 
introduced on p. 141 which will be treated in the following article. 


6. Boundary value problems in the finite space. The determination of 
the velocity distribution in the case of the continuous flow of an infinitely 
extended incompressible fluid has been represented under 4) as a summa- 
tion problem, provided the flow vector vanishes at infinity. The vector 
potential A is found by integration over the distributed vorticity which 
is considered as given. The scalar potential is here immaterial since it 
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was possible to assume the flow vector to be free of sources and sinks 
throughout the space. This is different when the flow is restricted to a 
finite domain, where we have to consider boundary conditions for the 
pressure (e.g. p = 0 at a free surface) and for the velocity (e.g. v, = 0 
at a rigid wall). If sources are present in the flow, they must be excluded 
from the domain of validity of Euler’s equations and the excluding sur- 
faces must be considered as boundary surfaces of the fluid. The simple 
integral representation of A is no longer sufficient and a scalar potential 
& appears in addition, as earlier in 38a. As a consequence of the boundary 
conditions we face now a boundary value problem which can no longer be 
solved by a simple superposition of sources and vortices, but calls for the 
application of special mathematical methods suitable for the given bound- 
ary conditions (e.g. conformal mapping in the two-dimensional case). 


21. Straight and Parallel V ortex Filaments 


In this article we consider the following two-dimensional problem: 
Given a number of straight vortex filaments normal to the z,y-plane. 
What can be said about their mutual interaction in the course of time? 
With such a question we enter the domain of vortex dynamics while we 
have so far only dealt with the kinematic aspect of vortex theory (for 
instance in our analysis of the induced velocity field). The basis of vortex 
dynamics is found in Helmholtz’s conservation theorem of 18 where we 
learned about the convective character of the vorticity. Hence, if we 
know the velocity imparted to the particles of an individual vortex fila- 
ment by the other vortex filaments, we are also informed about the 
velocity with which that vortex filament moves along and about its con- 
tingent change of shape. Dynamics and kinematics of vortex filaments 
are thus directly connected. In the two-dimensional case to which we 
restrict ourselves in this article, it is understood that the vortex filament 
remains straight. 


1. The Single Vortex Filament 


As already learned in (19.7), the velocity field of the single vortex is 
given by 


(1) ® + iw = 7A log (x + iy), 


| Au 
(1a) 0 = te gad, © =e ie 


The stream lines are circles about the origin; the vortex proper, that is to 
say the point O, does not take part in the motion. 
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This is the place to examiine the connection between the field due to 
a simple vortex and the Biot-Savart law of the last article. To do this 
we must leave the complex plane and introduce the z-coordinate along 
the vortex filament, which reaches from — to +. Let 2, y, 0 and 
0, 0, z be the coordinates of the field point and of the “‘source” point that 
supplies the integration variable as before. The line element, previously 
| As : is now dz, its distance from the field point, previously called r, is 
now fe ty +2’ a/r° +2 where the new r stands for 
VJ x" a ; as in (la). From (20.17) and (20.19) we obtain after evaluation 
of the vector product 


Q utwm= Coto -£-ytin f- z 


i rr 5] 


while v, is obviously zero. To evaluate the improper integral in (2) we 
start with the well known formula 


= log (a+ Vr + a”) — logr 


ES 
and obtain by differentiation under the integral sign with respect to r 
oe terre” SfradWatYrtead r° 


If a ~~, the first term to the right vanishes, and we have 


=F dz o dz ae 
[ope 8h eee 
Thus Eq. (2) yields 


ee Ur ee) 
(2a) Uh ae Wy = rP ’ as | V | Vo x 
in agreement with (1a) in sense and direction. 
On denoting by u a vector in +2-direction* of length | «| and by r the 
position vector in the z,y-plane, Eq. (2a) can be written as 


1 
(2b) Vieau. f 


The components v, and v, calculated from (2b) are, in fact, identical with 
the values resulting from (2a). Eq. (2b) differs from the three-dimensional 
formula for v’ in (20.17) in the missing factor 2 and in the denominator of 
the right member which is now 7” instead of r°. The difference is caused by 
the preceding integration with respect to z. 


*Depending on the sign of p. 
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2. Two Vortex Filaments of Equal Strength and Opposite or Equal 
Sense 


The case of two opposite vortex filaments was dealt with in Eq. 
(19.12) et seq. From (19.14) or directly from Fig. 29a the following result 
is obtained: The velocity v, imparted to the filament F, by F, is equal 
and parallel to the velocity v, imparted to F, by F; : 


(3) Jy = Uh = = v (2c = distance F,F,). 


On the other hand, the velocity v) at the center M of the segment F,F, , 
subject to the common action of F, and F, equals 


ee 
(3a) to = Av. 


Thus we see: both vortex filaments proceed with common velocity v; the fluid 
between them moves in the same direction in which F, and F, move, but with 


Fic. 29a, Two equally strong vortices of Fic. 29b. Two equally strong vortices 
opposite orientation: the plane of sym- of the same orientation move on a circle 
metry can be replaced by a rigid surface of in diametrical position. 
separation (wall). 


larger velocity. Fluid particles in line with F, and F, but not between 
them move in the opposite direction; their velocity becomes very large 
in the immediate neighborhood of F, and F, . 

Not only at M, but at all points M’, M” of the bisectrix of F,F, the 
resultant velocity due to both filaments is parallel to the bisectrix. One 
may therefore replace it by a rigid wall since the flow along the bisectrix 
is just the one required by the boundary condition along a rigid wall. 
Hence an isolated vortex filament, originally at rest, starts to move if a 
wall is brought toward it; it travels parallel to the wall, the faster the 
closer the wall. The vortex is, as it were, pushed forward by its virtual 
image that is obtained by reflexion in the wall. More about that will be 
learned in the more complicated case of Fig. 31. 


{IV.21] VORTEX THEORY P57 


The case of two vortex filaments of equal orientation is also represented 
by (19.12), when the sign of the second term to the right is reversed. 
According to (3) F, induces at F, a velocity v that is opposite to the 
velocity which F, induces at F, . While F, travels downward on a circle 
with radius c, F, travels upward by the same amount. The diameter 
FF, turns about the center M which is constant in space. Both vortices 
travel therefore on the same circle, the one being diametrically opposite 
to the other. 


3. A Theorem Concerning the “Center of Mass” of Two or More 
Vortices 


When the strengths », and yu, of the two vortex filaments are different, 
the vortex points F, ,-F, still travel on concentric circles, but the radii 
are different. The common center is the center of mass of uw, and pw. , when 
we think of y, and yu, in terms of masses carried by the points F; and F, . 
The center of mass is, of course, on the line through F, and F, , inside 
the segment FF, if u, and wu. have the same orientation (Fig. 30a), and 


a b 


Fic. 30a (left), b (right). Two vortices move in circles about their ‘“‘centroid.”” The 
centroid does (a), or does not (b), separate the vortices depending on whether the 
orientations of the vortices are equal or opposite. 


outside if the orientation is opposite (Fig. 30b). In the latter case one of 
the masses must be counted negative. Figures 30a,b have been drawn 
under the assumption p, > wu, and | uw. | > mu, , respectively. 

The common center S of the circular paths described by F, and F, is 
found by connecting the end point of the velocity vector v, with the end 
point of v. (see Fig. 30a). This line intersects the line FF, in S. Since 
v, is due to F, and »v, to F, , one has 


en tes mpl i 
(4) Vv; — one 3 Vg Onc . 
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For the position of the intersection point S we have SF,/v, = SF2/vo , 
which yields because of (4) 


(5) | My SF, = Mo SF. . 


Hence S is indeed the centroid of the masses p; and p, . 

The same construction is carried out in Fig. 30b for the case of opposite 
vortices. If here | u.| = u, , the point S is shifted to infinity: both circles 
degenerate into parallel lines and the first case of 2. is reobtained. The 
second case of 2. obviously corresponds to p; = pe. , So that the two circles 
of Fig. 30a coincide. 

It should be realized that the point S so constructed is by no means 
at rest if considered as a point of the fluid. Actually the velocity at S in 
the case of Fig. 30a is given by 


ee Mi | Me _ Bi peek 
i rSF, rSF, rSF, My SF, ; 


The expression in parentheses is because of (5) 


2 
1-80. 

My 
The statement that S does not move means only that the geometrical 
center of the circular paths of the vortices F, and F, is at rest and does 
not say anything about the motion of a fluid particle that happens to be 
at S. The term center of mass at rest will be used in this sense also in the 

remainder of this section. 

Let us now consider a system of a number of vortex filaments Fy , 


F,, ++: F;, +++ F, . The velocity induced by F; at an arbitrary field 
point P can be written by means of (2b) as 
(6) y= 1 Xe 


ge |r—r,/|? 


where r — r; is the relative position vector of P with respect to F; . Let 
P now coincide with F,, and sum over all 7 with the exception of i = k 
since F’, is not affected by its own induction. Thus 


_1 he 
(7) ee ae 


is obtained where the apostrophe at the summation sign means the ex- 
clusion of the value k from the possible 7-values. We introduce now 


te ogee | i | 
7a 
( ) tp, Ns 
Vik 


ex = = aac: 
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where e;, is a unit vector in the 2z,y-plane. We shall further need a unit 
vector e normal to the z,y-plane to indicate the direction of the vector u : 
u; = u,e. With these notations, Eq. (7) transforms into 


(7b) yoy poe Sie 


ar Vik 


Now we form 


(8) DD MiVi. 


1 A e X ei: 
= > 2 Milly ~ ao « 


F Tsk 


In the double sum to the right, e;, and therefore e X e,;, is antisymmetric 
in 2 and & while the products u;u, and the distances r,;, are, of course, 
symmetric. Hence the terms cancel in pairs, and we have the result 


(9) Day. = 0, 


which implies that the velocity v, of the centroid of our vortex system 
put only in the sense pointed out above) vanishes 


> mv MV; 
10 Vv, = =. 
\ oes My 


4, The Law of Areas for a System of Vortex Filaments 


In a certain sense, there exists also an analogue to the law of areas in 
general mechanics; as we shall see, the total angular momentum of the 
system of vortices 1s constant, in the absence of external forces. 

We define the momentum of a single vortex filament by u,v, and the 
moment of momentum or angular momentum of the system of vortices 
relative to an arbitrary origin O by 


M = Seat, CMe. 
i 


Substituting from (7b) we obtain 


(11) Ma > Br, x (e x en). 


k ry 


On interchanging 7 and k and considering the antisymmetric character of 
the e,, we obtain 


(11a) M = ase > Fr, x (e X ex). 
Tk eek 


We add now Eas. (i1) and (lla) and find by applying the definition of 
e;, in (7a) the following form of M: 


(11b) iS Dy Mitte Cin X (@ X Cx). 
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According to a well known vector identity 
(12) e,, X (e X en) = e(@n' Cn) — €:,(€°e:,), 


but the first term to the right equals e and the second is zero (e;, is a 
unit vector, so is e, and they are normal to each other). Thus it is seen 
that the right member of (11b) depends only on the vortex strengths 
p; and has the constant direction e; it is therefore a constant vector 


(13) M = = Ds Ze Mik, = const. 


5. General Remarks on the Dynamics of Vortices 


The dynamics of vortices which we have studied here is indeed a very 
peculiar one and deviates decisively from the dynamics of mass points. 

To begin with, Newton’s first law is altered. The isolated vortex 
(which is therefore not subjected to ‘forces’’) remains in a state of rest. 
A uniform rectilinear motion can only be acquired by association with a 
second vortex of equal strength but opposite sense of rotation or under 
the action of a wall at rest. Thus the relativity principle of classical me- 
chanics according to which the state of rest and of uniform motion are 
equivalent is no longer valid. The reason is, of course, that the fluid to 
which the vortex belongs plays the role of a preferred frame of reference. 

The modification of the second law is even more remarkable. The 
external action originating in a second vortex does not determine the 
acceleration but the velocity. The content of the law of motion of the mass 
center is shifted accordingly: not the acceleration, but the velocity of the 
mass center vanishes. As far as the law of areas is concerned the angular 
momentum of the vortex system is constant as in the case of a mechanical 
system in the absence of external forces, but the constant is entirely de- 
termined by the vortex strengths according to Eq. (13), in contradis- 
tinction to the mechanics of masses where this constant is a constant of 
integration that depends on initial conditions which may be chosen freely. 


6. Atmospheric Vortices 


At first thought it seems impossible to realize infinitely long vortex 
filaments experimentally. But, as Helmholtz noticed, in a fluid layer 
bounded by two parallel planes normal to the vortex filaments, the same 
vortex motions can be produced as in a fluid of infinite ‘‘thickness’’. 

Such a fluid layer is realized to a certain extent by our atmosphere if 
one disregards the curvature of the earth. In fact, water spouts and tor- 
nadoes can be considered as vortex filaments on a tremendous scale 
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(filament diameter 5-500m), whereas atmospheric cyclones and anti- 
cyclones, the horizontal dimensions of which may well extend over 1000 km, 
being many times larger than their vertical extensions (10-15 km), combine 
the properties of vortices with those of waves. 

For applications in meteorology the classical theory of vortices has 
to be modified in two points. The normal state of the atmosphere is not 
a state of rest but of uniform rotation; for an observer connected with 
the surface of the earth the fluid in which the vortex motion takes place 
is not free of external forces as we have assumed so far, but under the 
action of the Coriolis force. In addition to this dynamical correction there 
is also a thermodynamical one which is due to the compressibility of the 
air: since the density of the air is connected with the air pressure by an 
equation of state p = F(p, T, ---) which contains not only the pressure, 
but also the temperature 7’ and possibly other variables such as humidity, 
the expression curl (1/p grad p) does in general not vanish. That means 
the presence of processes which can generate or destroy vorticity. 

Those are the two extensions of the classical vortex theory that are 
considered in the meteorological literature when more general vortex 
theorems are formulated. (V. Bjerknes,*° H. Ertel*’). 


22. Circular Vortex Rings 


Closed vortices, in particular those of circular shape, differ from the 
straight vortices of the preceding section in that they occur or can be 
easily made to occur on a small scale. As smoke rings, they are well 
known to smokers, but they may also be seen above chimney tops. For 
the purpose of demonstration the following device will serve well: A circular 
hole is made in the front wall of a cardboard box, the rear wall is removed 
and a piece of somewhat elastic cloth is stretched over that end. Into 
the box is put a dish of hydrochloric acid and another of ammonium 
hydroxide; thus a dense smoke of ammonium chloride is produced. Smoke 
is ejected through the hole by a sharp tap against the rear wall and curls 
up in the form of a circular vortex as it passes the edge of the aperture. 
Fig. 31a illustrates this process. The vortex ring thus created moves 
straight forward for a distance of several yards with considerable speed. 

According to the fundamental theorem of vortex theory (cf. p. 132) 
the vortex adheres to the fluid, that is, the air particles are carried along 
with the vortex. This becomes apparent when a candle is put in the way 
of the vortex: The flame is blown out by the “whirlwind” with a soft 
whistle—Decreasing the aperture in the box wall makes for a smaller 


10V, Bjerknes, Meteorolog. Z. 1900, pp. 97 and 145, also 1902, p. 96. 
NH, Ertel, Physikal. Z. 1942, p. 526, also Meteorol. Z. 1942, pp. 277 and 385. 
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radius of the vortex ring and at the same time for larger speed. When the 
circular aperture is replaced by a rectangular one the vortex, rectangular 
when it emerges, develops regular pulsations that indicate a tendency 
toward the circular shape; the latter is the stable one, while the rectangular 
shape is unstable——The circular vortex increases its radius when ap- 
proaching a wall parallel to the plane of the ring (Fig. 32). 
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Fig. 31. a. Formation of a vortex ring when an air current is ejected through a hole. 
b. The vortex ring approaches a plane wall. 

Fic. 32. The vortex ring widens when it approaches a wall parallel to its plane; its 
translatory velocity decreases. 


The following experiment, not easily performed with our device, pre- 
sents little difficulty to a smoker practiced in the art of blowing rings: A 
small ring is made to follow a bigger one. Moving with greater speed, it 
catches up with the bigger vortex ring and slips through it. Thereupon 
the smaller ring grows larger while the bigger one contracts. It has by now 
become the quicker of the two and will pass through the other, and, theo- 
retically, the game should repeat over and over again. For this experiment, 
vortices in a liquid are more suitable than smoke rings. One uses colored 
liquid which is dropped upon the surface of a water reservoir from a 
pipette. When a drop strikes the surface, it pulls apart in the shape of a 
ring which penetrates into the water and expands at the same time. The 
next drop, or rather the vortex ring which it becomes, is initially smaller 
and overtakes the larger ring, etc. This arrangement permits one to observe 
the passing-through phenomenon several times in succession. 

Turning now to the interpretation of these experiments, we start 
with the discussion of some aspects of the problem that can be dealt with 
by elementary means. This is the case if no account is taken of the inter- 
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action of the vortex ring with itself. The vortices, therefore, will for the 
present be considered as infinitely thin filaments. 

Eq. (20.17), the equivalent of the Biot-Savart law, serves as a starting 
point and gives the velocity contribution v’ induced by a single vortex 
element uAs at given field point. For the midpoint M of the vortex ring 
in particular, all contributions become equal in amount and direction since 
in this case (20.17) becomes 


pAs 
Qra’ 


, = 


where a denotes the radius of the ring. By summation over all As the 
velocity vy at the midpoint is obtained: 


20 Re a le 
@) ou = Ona di As a 


Thus the velocity at M is seen to increase with decreasing a. As we observed 
before and shall prove later, the translatory velocity of the vortex ring 
increases also with decreasing a. 

We take now as field point an arbitrary point A on the axis of sym- 
metry of the ring, denote its distance from the center M by z (the distance 
from any point of the ring being r = +~/a’ + 2’), and consider the com- 
ponents of v’ parallel and normal to the axis. The normal components 
due to any two diametrically opposite vortex elements will cancel each 
other. The axial component of v’ is v’a/r. By summation over all As, 
Eq. (20.17) leads to 


(2) 4% = CS 
Qnr® r r° (a” 4- 2°)” 


Hence the velocity decreases along the axis on either side of M and goes 
to zero as 2 grows indefinitely. 

For a field point in general position the summations that lead from 
v’ to v are no longer quite so elementary, but require integrations of elliptic 
type. The same is true, as is well known, for the mathematically analogous 
calculation of the magnetic field induced by a circular current loop. 

On the other hand, it is now possible to interpret some of the phenomena 
described in a qualitative way. 

Fig. 31a indicates schematically the formation of a vortex as the air 
flows through the aperture, Fig. 31b illustrates the conditions that prevail 
when the vortex ring meets a wall parallel to its own plane. At the wall, 
the boundary condition is v, = 0. It can be satisfied by employing the 
method of images, a procedure of general usefulness in problems of this 
character. To the physically real vortex on the left side of the wall one 
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adds a virtual vortex on the right side, in this way extending to infinity 
the hydrodynamic field that, physically, is bounded by the wall. An air 
particle W adjacent to the wall receives the velocity contribution vj from 
the real vortex 4, and vi from the virtual vortex pu, ; according to Eq. 
(20.17), vi is perpendicular to the plane subtended by the vector r; and 
the axis of the vortex element u; . Evidently, vj and v3; add up to a motion 
parallel to the wall, thus satisfying the condition v, = 0. This, obviously, 
is true not only for the two pairs of vortex elements in the plane of the 
diagram, but for any pair of elements in image position. 

We now wish to find out about the influence exerted by the image 
vortex upon the real vortex,” e.g. upon the upper vortex element m; in 
Fig. 31b. The strongest action is to be expected from the closest neighbor, 
that is, the upper element u, . Again according to (20.17), this action 
consists in an induced velocity directed vertically upward, indicated in 
the diagram by a vertical arrow at the upper left element. All the other 
elements yu, will partly aid in this action or partly, but in a smaller degree, 
counteract it (e.g. the lower element y,). The same argument applied to 
the lower element y»,; leads to the vertical downward arrow at the place 
of that element. In the diagram the influence of the real vortex upon its 
image is also indicated. 

We see then that the real vortex is enlarged when it approaches the 
wall because of the hydrodynamic action of the image vortex. The same 
is true for the image vortex. As the radius of the ring grows, so the forward 
motion directed to the wall attenuates, since the translatory motion of 
the vortex ring is essentially in inverse proportion to the radius. (This 
has been mentioned before but has not been proved.) Hence the vortex 
growing ever larger and weaker has evanesced to infinity before it reaches 
the wall. 

Using the same qualitative methods we can also understand the mutual 
slipping through of a pair of vortices (Fig. 33a, b, c, d). In Fig. 33a the 
radii and speeds of the two vortices are equal. Having been generated 
one after the other by the same device, their sense of rotation is the same, 
in contrast to Fig. 3la in which the senses of rotation were opposite. 
This time, the interaction of the two vortices consists in the enlargement 
of the more advanced vortex and, simultaneously, in the diminution of 
the rear vortex as indicated by the vertical arrows in Fig. 33a. In Fig. 33b 
and c the vortices are shown before and after passing which becomes 
possible on account of the greater speed of the rear vortex (cf. the hori- 
zontal arrows in Fig. 33b). In Fig. 33c, the interaction of the vortex pair at 


“Speaking physically, the influence is, of course, all due to the wall, but we have just 
convinced ourselves that this influence is correctly described by the assumption of a 
virtual image vortex, 
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this stage is again indicated by vertical arrows: The more advanced vortex 
grows, the rear vortex contracts, hence the first is decelerated, the second 
accelerated. The result is Fig. 33d, a repetition of Fig. 33a: The game is 
ready to start anew. 

But these qualitative methods are no longer sufficient for problems 
that involve the interaction of the vortex with itself. The translatory motion 
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Fic. 33. The mutual threading of two vortex rings. 


of a circular vortex is of that kind. Now the cross section of the vortex 
ring must be assumed finite, e.g. as a circle of radius c very small in com- 
parison with the ring radius a. Within the circular cross section one might 
perhaps try a finite (e.g. constant) rotation w; the vortex strength u that 
so far has been used only for filamentous vortices is now connected with 
w by 


B= Cw. 


The most convenient approach is through the stream function W (19.24); 
within the vortex cross section the differential equation for ¥ is not Eq. 
(19.26) but the inhomogeneous equation 


aw lov oy 
dp pap 


The representation of WY (valid outside the cross section) by complete 
elliptical integrals of the first and second kind has already been given by 
Helmholtz. It serves as basis for the computation of the translatory 
velocity vr , a computation that is mathematically involved and at the 
same time physically unsatisfactory. It will be omitted here. The result ie 


ee es eee 7) 
(3) or Ona (10g 4/° 


13For a critical review of literature see A. E, H, Love, Encykl. d. Mathem. Wiss. 
IV. 3. p. 118 
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The term written here as 2 is uncertain; it depends on the assumed w-distri- 
bution over the cross-section. Our previous statement, repeatedly used in 
the discussion of the experiments, that vr increases with decreasing a and 
decreases with increasing a is confirmed by Eq. 3, but the physically unde- 
termined quantity a/c makes the result appear rather unrealistic. A com- 
parison between (3) and (1) shows that vr may be larger or smaller than 
Vy , depending on the choice of a/c. 

Similar difficulties and a result formally quite analogous to (8) occur 
in the computation of the inductance of a wire (ef. vol. III), but in the 
electrical problem the radius c of the wire is of course physically deter- 
mined. 

How could we remove this uncertainty in the case of the circular 
vortex? There is hardly any other way but to investigate more completely 
the process of vortex formation at the edge of the circular aperture. This 
should result, if not in a definite radius c, then at least in a definite w- 
distribution over the cross section (of course, w should decrease radially). 
However, such an investigation could hardly be carried out and would 
certainly not be worth the labor; hence we have to leave the attractive 
and successful theory of vortex rings incomplete in an essential point. 

A more direct grasp of the translatory motion of the vortex may be 
achieved by comparison with the motion of the straight vortex pair in 
21, Fig. 29a. A vortex pair may be obtained from a vortex ring by re- 
stricting one’s attention to two diametrically opposite ring elements. 
Lengthening of these two elements makes up, in a certain way, for the 
disregard of the other elements and finally leads to a pair of parallel 
straight filaments. To be sure, the similarity of the two vortex arrange- 
ments is only superficial, but their translatory motions are remarkably 
analogous. If we replace in Eq. (21.3) the letter c, which denotes half the 
distance of the vortex pair, by the ring radius a, the translatory velocity 
of the vortex pair becomes 


BL 
= a . 
This is indeed the first factor on the right side of our Eq. 3 for v7 . The 
direction of » was perpendicular to the plane of the vortex pair; our v7 
is perpendicular to the plane of the ring, as it should be. 

A peculiar vortex motion may be observed in rowing. At the places 
where the oar breaks the surface of the water just previous to being lifted, 
small depressions of the surface appear—we could call them “dimples” — 
that run along on the surface. They are the endpoints of a vortex arc that 
has been escorting the submerged contour of the oar while it was pulled 
through the water. The dimple-like shape has its cause in the combined 
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action of centrifugal force and gravity. The rotating water surface must 
be normal to the resultant force in the same way as it is normal to gravity 
if no rotation is present. Now, while the surface form of a mass of water 
rotating with constant w is the well known paraboloid, in our case w 
diminishes quickly in radial direction and vanishes at a finite distance 
from the vortex center; the depression is thus restricted to the immediate 
neighborhood of the end of the vortex filament. The running along of a 
pair of dimples is illustrative of the translatory motion v7 of the vortex 
arc connecting the two dimples underneath the water surface. 

Since it has become certain through optical investigations (Zeeman 
effect) that the solar matter in the sun spots is engaged in vigorous vortex 
motion, one would conclude that, there too, a vortex filament has emerged 
to the surface, coming out of the interior of the sun; and one would assume 
that to each sun spot there belongs a companion spot with converse sense 
of rotation, the two being connected by a vortex filament of roughly semi- 
circular shape that passes through the interior of the sun. On the other 
hand, one should be aware of the fact that the solar matter is not a perfect 
inviscid fluid. Thus it appears rather a bold step to apply our ideas about 
vortex motion literally to the interpretation of solar phenomena. 


CHAPTER V 


THEORY OF WAVES 


Ever since waves were studied, water waves have served the natural 
scientist as a model for wave theory in general, although they are much 
more complicated than acoustical or optical waves. As surface waves they 
are bound to the common surface of two media, while the ordinary acoustic 
and optical waves are three dimensional waves. 

There is this fundamental difference between vortices and waves: 
vortices pull the matter along in their own motion while in a wave the 
average locomotion of an individual fluid particle vanishes; it is not 
matter that travels but energy and phase. 

We shall discuss in this chapter waves with different symmetry char- 
acteristics, such as plane waves, circular waves, ship waves, and Mach 
waves, starting out with the simplest type, the plane progressive waves. 
According to the nature of the restoring force we distinguish gravity waves 
and capillary waves. Gravity waves are the large, conspicuous waves which 
one usually has in mind in talking of water waves. 


23. Plane Gravity Waves in Deep Water 


We assume the wave as a completely periodic phenomenon and express 
the time dependence as on p. 98 in the form e ‘**; waves of a more 
general time dependence can be obtained by superposition of partial waves 
having different circular frequencies (cf. 26). 

We further assume that the wave motion is generated out of the state 
of rest, say, by a gust, a mechanical disturbance or the like (in problem 
VI, 3 we shall investigate under what circumstances an air current that 
grazes along a horizontal water surface can produce a wave motion). Since 
the fluid can be considered as inviscid, and since we shall consider in this 
and in the following article only the potential field of gravity, it follows 
from the conservation law of 18 that the motion possesses a velocity 
potential. This can depend in the case of a plane wave only on two spatial 
coordinates x and y, where «x is the direction in which the wave progresses 
and y the depth coordinate. The problem is independent of the third 
spatial coordinate z which is horizontal and orthogonal to the direction 
of propagation. ® is thus a two-dimensional potential as far as the space 
coordinates are concerned, and, according to 19, has the form f(x + zy) 
in an tncompressible fluid. 
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Let y be counted positive downward; since we wish to obtain a train 
of waves advancing in the positive x-direction, the x-dependence of f must 
be of a trigonometrical form, or, of the form of an imaginary exponential 


when written in this more convenient way. This leads to the following 
possibilities 


(1) ri) = f(x =e iy) a! = Ane ee ae 
or 
(1a) f= {7 ay) cr “Be 8 gt 


Here, k is again the wave number, and there is 


2) b=, wa, 
aN T 
where J is the wave length and 7 the period. 
We first assume the water infinitely deep, that is, the y-coordinate of 
the ground y = h should be very large compared to A. 
At the ground, 


(2a) ky = ant 0, 

This shows that the potential (1a) is not usable since it would yield infinite 
velocity amplitudes at the ground, but the potential (1) satisfies all con- 
ditions that have been imposed so far. 

The representation (1) contains three parameters, A, w, and k. A de- 
termines the amplitude of the wave for y = 0; both A and the (circular) 
frequency w depend on the particular form of the excitation. While these 
two quantities can be chosen freely, the wave number k must be de- 
termined in its ratio to w, for, according to (2), the ratio 

: @ r 
8) a 
is the velocity of propagation of the waves. 

For the determination of k we must utilize the condition for the free 
surface: 


(4) p = 0, 


(the atmospheric pressure is taken as zero). Eq. (4) follows from (12.19) 
if capillarity is neglected; it introduces a dynamic element into our theory 
while our argument so far has been wholly of a kinematic nature. 

The pressure p and the potential ® are connected by Euler’s equations, 
which we shall use in the integrated form of Bernoulli’s equation. Since 
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our problem involves a velocity potential variable in time, we have to 
take Bernoulli’s equation in the form (11.15). We shall, however, neglect 
the quadratic term (V®)’, since we consider the amplitude factor A as a 
small quantity (the usual procedure in mechanics of small oscillations). 
The abridged form of Bernoulli’s equation is then 


(5) - 2+ 2@t U) = const. 


As explained on p. 89, the constant in (5) is independent of the space 
coordinates, but in general dependent on time. The only function of time 
which in our case does not upset the periodicity and the uniform advance- 
ment of the wave is 

const = F(t) = 0. 


Under these circumstances (5) assumes the simple form 
(5a) Se 


Here U is the gravity potential per unit of volume taken at the surface. 
Since y is counted positive downward, we have in general 


(5b) = —pgy. 


Let the equation of the surface profile be y = n, where 7 is a function 
of x and ¢t. A positive 7 means a depression, a negative 7 an elevation, of 
the surface. From (5a) we have 


of 
6) 2 = — 90, 


The function 7 must have again the form of a progressive wave, like the 
one we have set up for the velocity potential &. Thus 


(7) 7 = ae ae 


The constant a introduced here is in general complex since it includes 
amplitude and phase of the surface function; also, a has the character of a 
small quantity like A. If we substitute (7) and (1) in (6), we obtain after 
cancellation of the common exponential factor 

(8) iwAe“ = ga, 

We now expand e~“” in powers of kn and neglect the products An, An’, 
etc. as small quantities of higher order; Eq: (8) then simplifies to 


(9) : iwA = ga. 
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This is a relation between A and a, but it is not the relation between 
k and w we require. The latter is obtained by introducing a further kine- 
matic condition: We stipulate that the motion of the surface must coincide 
at any time with the motion of those fluid particles that happen to be at the 
surface at this time. That such a condition must be satisfied is rather 
obvious; we specify, however, that the components of the two motions 
taken in the normal direction n of the surface should be equal, since a 
motion of the fluid particles in the tangential plane does not change the 
shape of the surface, hence is immaterial for our problem. On denoting 
the velocity of the surface with V and the particle velocity with v as usual, 
our condition reads 


(10) Var 20,2 
The component v, , expressed by the velocity potential ©, is 


a: 
7 én? 
However, if A is sufficiently small (the wave sufficiently flat), we can 
replace within a “‘cosine error’, that is, with disregard of terms of second 


order 


oP O® 
(10a) AS by a 


V is treated correspondingly: we replace 


an 
(10b) Y. aes. 
that is by the “‘sinking speed”’ of the surface. With these simplifications, 
condition (10) reads 

0 O® 
(11) arr 
Substituting for 7 and @ from (7) and (1), we obtain, again after cancella- 
tion of the exponential on both sides, 


(12) —iwa = kA. 

Now, the comparison of (9) and (12) yields at once 
Alf __™” 

> >; ne 


Our conclusions from (13) are: 
1. There is a phase difference of 7/2 between the a-wave and the A- 
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wave. If A is chosen a real quantity, which is permissible, a becomes 
purely imaginary; or, employing real representation, we can write for ® 
in accordance with (1) 


(14) & = A cos (ka — at)e™, 
and Kq. (7) becomes now [ef. (13)] 


(14a) = — {Asin (ka — wt) 
or 
ik : 
(14b) i eso Asin (kx — wi). 
2. The relation between k and w is given by Eq. (13): 
(15) w = gk. 
Introducing here the velocity of propagation, we obtain [cf. (3)] 
; sae 

2% 9 _gh Se 

) Se Ee a 2r 


The velocity of propagation depends oi the wave length; long waves travel 
faster than smaller ones.’ 

When the propagation velocity of a wave depends on the wave length 
as in Eq. (16), we speak of dispersion, using an expression borrowed from 


Fic, 34. The phase velocity V as a 
function of the wave length 2X. The 
diagram gives the dispersion of gravity 
waves for \ < A (segment a), \ > h 
(segment 6), \ & h (segment c); h = 
depth of the water. 


optics. The dispersion in a medium is normal when longer (red) waves 
have larger velocities (smaller index of refraction) than shorter (violet) 
waves. The behavior of gravity waves in deep water thus corresponds to the 
case of normal dispersion in optics. 


‘We should like to recommend to readers who are irritated by the complex represen- 
tation of periodic phenomena, to carry out the preceding calculation once more with real 
quantities and to convince themselves that they. obtain again Eq. (16) although in a 
somewhat more cumbersome way. One would have to replace (1) by (14) and (7) 
by 7 = |a@| cos (kx — wt + a), where a is the phase difference between ¢ and 7 that is 
to be determined. 
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Fig. 34 should make this clearer. V is represented by the upper half 
of an ordinary parabola which has the V-axis as a tangent at \ = 0. 
Only the middle part a of the parabola has been drawn as a solid line, 
this being the region for which our assumptions are actually valid. For, 
if the wave length \ keeps increasing, it finally becomes of the same order 
of magnitude as the depth of the water h, and our assumption (2a) is no 
longer valid. This case will be taken up in the next article. On the other 
hand, if one goes to very small values of \, gravity is no longer the decisive 
dynamic parameter, but surface tension takes the lead; this brings about 
a fundamental change of the dispersion law (see 25). 


24. Plane Gravity Waves in Shallow and Moderately Deep Water 


If we now assume the depth h as finite, the second form of the potential 
(23.1a) need no longer be rejected, but is as good as the form (23.1); 
hence a linear combination of (1) and (la) may be taken for the velocity 
potential #: 


(1) eS = ge Ome ae Boar 


The new boundary condition at the bottom is: v, = 0, or, d@/dy = 0 
for y = 0. This is, by (1), equivalent to 


Aone ale Bor = 0, 


a condition for A and B which is more conveniently handled, if we intro- 
duce a constant C defined by 


5c = Ae = Be*™ 
so that 
(1a) A= 


Then the potential assumes the form 
a ee A lear) = Gore 
(2) 
= eC. cosh k(h — y). 


The expression (23.7) for the surface depression remains unchanged; we 
rewrite it here: 


(3) ” = TS aaa dae 
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Likewise, the dynamic and kinematic surface conditions (23.6) and (23.11) 
remain valid. They give for y = 0, because of (2) and (3), 


(4) twC cosh kh = ge, 
(5) —iwe = Ck sinh kh. 
We first discuss the case of shallow water, that is, 
kh «1, cosh kh = 1, sinh kh = kh. 
Eqs. (4) and (5) yield in this case 


7) OME I (op —iwe = Ckh, 
or 
Came 
(6) c tw 4k 
The formula for the velocity of propagation is now 
2 —— 
(7) V=ta= gh, V= Vgh. 


(One is reminded of the definition of the velocity head h = v’/2g on p. 45, 
but it is merely a formal analogy, due to dimensional reasons.) 

In shallow water the velocity of propagation 1s independent of the wave 
length; there 1s no dispersion. 

On the basis of Eq. (7) we can now complete Fig. 34 for large \ values. 
The curve should approach a horizontal asymptote for \ > h in the dis- 
tance +/gh from the \-axis, as indicated by the branch b of this line. 

When 2 and h are of the same order of magnitude (moderately deep 
water), Eqs. (4) and (5) still govern the behavior of the wave. In this case, 
they supply directly 


(8) Cli. ae 
Cc tw cosh kh k sinh kh’ 


from which we infer 

(9) tanh kh = oe : 
On introducing x = kh and d = wh/g, we obtain 
(9a) tanh «= é : 


The solution of this transcendental equation can be obtained graphically: 
We plot the equilateral hyperbola d/zx and the curve tanh x above z as 


[V.24] THEORY OF WAVES 175 


abscissa (the latter is a monotonic increasing function with a horizontal 
asymptote at the distance 1 from the z-axis). There is then only one 
intersection point of the two curves, and its abscissa x = 2 is the root 
of Eq. (9a); the required value of k is xo/h. The velocity of propagation in 
moderately deep water is therefore 


wo wh 
(10) = ot 
We have obtained an implicit representation of the dispersion law which 
should be supplemented by a chart or table of the solutions of Eq. (9a) 
in function of the parameter d. We also see in what way Fig. 34 is to 
be completed: the gap between segment a (h > d) and segment b (h « A) 
is bridged by segment c (h & X) corresponding to Eq. (10). Since this 


V 


Fre. 35. Graphical solution of the transcendental Eq. (9a). if 


X*Xo x 


part of the curve increases, too, one sees that the dispersion is normal 
throughout. 

The transition from a to c can also be read from the following formula 
which is a direct consequence of (9) 


(10a) Vv’ = 
One obtains from (10a) 


for hoe yo, Eq. (23.16), 


fon h<xX: V’ = gh, Eq. (24.7). 


A remark on surf formation may be inserted here which is of a purely 
qualitative nature and includes perhaps an over-interpretation of our 
equations. Surf is bound to a region of very small h and, consequently, 
small kh = x so that tanh x & x. The transcendental Eq. (9a) becomes 
then algebraic: x = d/x. The root is 


to = Va=oyt, 
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the velocity of propagation according to (10) is therefore 


which is our formula (7) for shallow water. Now, our analysis is only 
valid for water of uniform depth, but we may try to apply it to the case 
of decreasing depth in the vicinity of the shore (cf. Fig. 36). Besides, our 
results apply only to small amplitudes since the amplitude squares have 
been omitted; nevertheless, we use them now for finite amplitudes, as- 
suming two values for h, viz., hc characterizing the crest and hr charac- 
terizing the trough of a wave (cf. Fig. 36), and obtain from (11) 


Ve _ | fhe 
(11a) = he? 


Hence the velocity of propagation of the crest is larger than that of the 
trough, which would modify the shape of the wave as indicated in Fig. 36 


Vg 
Vy 
hg 


Fic. 36. Surf formation. 
nn 


by the crest to the right. This offers an explanation of the surf phenomenon 
on the basis of our equations, although it is doubtful whether the con- 
clusions are legitimate. 

We turn to the very attractive problem of the path of an individual 
particle in wave motion which shall be discussed under the assumption of 
moderately deep water. Let x, y be the particle coordinates in water at 
rest and x’, y’ the same in water disturbed by the wave motion. The dis- 
placement from the rest position is then 


(12) E=27)—-a2,n=y —y; 


where 7 no longer denotes the surface disturbance as before, but the dis- 
turbance at an arbitrarily specified depth y, (similarly £). The particle 
velocity according to (2) is 


. OP a4 
Ye = = — = the! PC cosh k(h — y), 
(13) | 
ae ae 
v, = 7=-—= ke 906 sinh k(h —= vy. 
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It will be noticed that @ is here differentiated with respect to 2, y, while 
it should be differentiated with respect to the variable coordinates x’, y’; 
also, we should write in (13) 2’, y’ or x + £, y + 7 instead of z, y. The 
difference, however, would be of second order in the quantities C, & and 7 
and may therefore be neglected. 

Integrating (13) with respect to ¢, which amounts to a division by 
—iw, we obtain 


: = Herero cosh k(h — y), 


(14) 
or gt serene BE id). 


where the constants of integration must be taken as zero because of the 
periodicity of the displacement. We introduce the notations (they will 
justify themselves presently) 


(15) C= ne cosh k(h — y), = AC sinh kth — y) 


and write the real part of (14), using these abbreviations: 
(16) ~ = a cos (kx — ab), n = —Ob sin (ka — ot). 


To find the equation of the particle path we have to eliminate ¢ from (16). 
By squaring é and 7 we obtain 


(17) aa pee) 


which is the equation of an ellipse. The reason why we had to change 
back to the real representation becomes now apparent: the complex 
writing preserves its physical significance only in linear operations! 

The ratio of the minor to the major axis follows from (15) as 


(20 for y=h, bottom 


(17a) - = tanh k(h — y) = | 


tanh kh for y = 0, surface. 


The excentricity of the ellipses is the same at any depth: 


= Ee 
(17b) = Vi 

Fig. 37a represents the position and shape of the ellipses in the general 
case, Fig. 37b in the case of deep water, Fig. 37c in the case of shallow 
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Fig. 37. The path curves of water particles (a) in moderately deep water, (b) in 
deep water, (c) in shallow water. 


water. The ellipses of Fig. 37a are confocal if they are coaxially super- 
imposed upon each other. In the limiting case kh — © we have by (17a) 


= tanh (o) = I. 


Ric 


The ellipses thus become c77cles as in Fig. 37b. The radii are determined 
by computing a or b from (15) and the first equation (la): 


a= Ke cosh k(h — y) = & ye a ci a) 


Els 


Ate “} gee) _,k Aven, 
@ 


bie RC sinh kth — y) = “ A ee ge 3?) 


& lex 


Ate — ebony _, Fg em 

@& 
The radii of the circles are seen to decrease very quickly with increasing 
depth. In the other limiting case where kh and, a fortiori, k(h — y) go to 


zero we obtain from (17a) 


= tanh 0 = 0. 


Rico 


The ellipses degenerate into horizontal straight segments (cf. Fig. 37¢); in 
shallow water there is, so to speak, no space left for a vertical displace- 
ment. The amplitude of the horizontal oscillation, e, is independent. of 
the depth y [ef. (17b)]. ‘ 

The stream lines of the velocity field are no less interesting than the 
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path curves of the particles. Since in the present case of plane waves we 
have a two-dimensional velocity field, the stream function V is obtained 
by (19.5) from the following equations 


ow O® ow oP 
dc” ——i‘(i‘Y?ti(ititytéi 
On substituting the general’ expression for ® from (2), we obtain 


oe = ke'"*PC sinh kh — 9), 


av 
oy 
The first or second of these expressions is now integrated over x or y re- 


spectively and the integration constant set equal to zero as before; this 
leads to 


= ike***-"C cosh k(h — 4). 


Ww = —te'**"'C sinh k(h — y). 


To find the stream lines we have to consider this equation at a specified 
instant ¢. Let us then take the real part for ¢ = 0: 


(18) W = C sin ka-sinh k(h — y). 


For comparison, we write down the surface depression y according to (3), 
express c by C through (6), and take again the real part at ¢ = 0: 


(19) ,= : C sin ka. 


A glance at (18) shows: the streamline ¥ = 0 requires y = h: the bottom 
is therefore a part of the streamline, which is fairly obvious; but for kx = 0, 
+a, +27, we have again V = 0, whatever y is. At the same abscissas, 7 
vanishes likewise, as is seen from (19). Hence the flow pattern is divided 
into rectangular domains which contain the stream lines. Furthermore we 
conclude from (18) that aV/dx = 0 if cos kx = 0, whatever y is. This 
happens at the abscissas kx = 1/2, 3/2, --+ , for which 7 has a maximum 
or a2 minimum; at these points all streamlines are horizontal.—Altogether 
this is sufficient information to form an idea of the general pattern of the 
streamlines (cf. Fig. 38). 

The patterns of Fig. 38 and 37a are convincingly verified by actual 
photographs of path curves and streamlines. For the purpose of pho- 
tography the fluid is kept in a narrow glass container with parallel walls, 
and small light absorbing particles such as metal filings mixed in; one 


2In the case of shallow water the stream lines are obviously horizontal. 
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photographs across the container and obtains the streamlines by a short 
exposure. In viewing the photographs the eye involuntarily connects the 
line elements traced by the dark particles and recognizes the continuous 
arcs of the stream lines, and also their position relative to the fluid surface 
which appears moderately sharp in the picture. With a longer exposure, 
e.g., as long as a half period, and a less dense interspersion of metal parti- 
cles, the path curves can well be distinguished as elliptical arcs, but the 
surface does not show up distinctly. This second picture gives also evidence 


Fic, 38. The streamlines of gravity waves in 
water of finite depth. 


of the propagation of the phase, if one compares the starting points (or 
end points) of the arcs left and right in the photograph. 

The particles remain essentially at their places; this, at least, is true 
if the amplitude is sufficiently small, as assumed in our calculation, but 
is no longer quite correct for a finite amplitude. Therefore it is only the 
phase that travels with the velocity V which we have computed; phase 
velocity would thus be a more accurate designation for V. 


25. Plane Capillary Waves and Combined Capillary-Gravity Waves 


In the following discussion we shall first disregard gravity entirely, 
taking only the surface tension T into account. The surface is no longer 
free of forces, but under the action of the normal pressure N caused by 
T. Accordingly, the condition for the hydrodynamic pressure at the sur- 
face is not p = 0 as in (23.4), but, in the case of a plane wave, according 
to (17.10) 


(1) =e 


(Note that u of (17.10) must be replaced by the surface elevation —7.) 
The value of p given by (1) is to be introduced in Bernoulli’s equation 
(23.5) together with U = 0 (gravity is disregarded for the time being). 
Hence we obtain ia 


(2) 
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Pic. 30° A photograph of the streamlines (short exposure), 


Fig. 39b. A photograph of the path curves (longer exposure). 


The kinematic considerations at the beginning of 23 have dealt) with 
the character of a plane wave in general and are consequently still valid. 
We therefore can take over the expressions (23.1) for @ and (23.7) for n. 
Mg. (2) becomes after cancellation of the exponential and omission of 
second order terms 
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(3) ie = Ka. 


Also the kinematic condition (23.11) is in force; it gives, as in (23.12), a 
second equation 


(4) —iwa = kA. 
From (3) and (4) we have 

AMT k: dw 
(5) fea pin k 


(6) = 


The velocity of the capillary waves is 


: L T 2x 
7 P= 2), 


This then is a case of anomalous dispersion since V increases with de- 
creasing \, contrary to the gravity waves which show normal dispersion 
at all finite wave lengths. In Fig. 40, we have plotted V as a function of 


Fre. 40. Superposition of the phase velocities of capillary 
and gravity waves as functions of X. 


A, obtaining the descending segment 1 (broken line). For comparison we 
have added the characteristic of the gravity waves from Fig. 34 as branch 
2 (broken line). Let the intersection point which exists under all circum- 
stances have the abscissa A = Ay . For X < dy the curve 1 is above curve 
2, since the propulsive force of the capillary waves depends on the curva- 
ture of the surface profile which, for a given amplitude, is the larger the 
smaller the wave length. (This is also the reason why in Fig. 34 the seg- 
ment @ was not continued beyond a certain lower limit.) For \ > A, the 
curve 2 is above 1. The unimportance of capillarity for large wave lengths 
which expresses itself in the small V-values justifies our use of the velocity 
potential for deep water throughout the present article. Even at a moderate 
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depth h the quotient h/d is large for capillary waves, and so is a fortiori 
hk. 

It is now easy to treat the general case of combined action of capillarity 
and gravity. We have only to introduce in Bernoulli’s equation (23.5) the 
value p from (1) and the value for the gravity potential from (23.5b) 
U = —pgn. In place of (3) we obtain 


(8) iwA = (7 k? + a)a. 
From (4) and (8) follows now, instead of (5), 

Ne al (Z 2 ) __%” 
(9) Gee ei k? 


and therefore, instead of (6) and (7), 


(10) wo =2e + De 
2 7 
(11) | Vim Gat k+ ba vit Vi. 


Here V, is the velocity of the capillary wave according to (7), and V, is 
the velocity of the gravity wave according to (23.16); the velocity of the 
combination wave is found by a quadratic superposition formula. 

Let us first compute from (11) the minimum of V as a function of X. 
We obtain 


and therefore 
ed _ 2a Is 

(12) p cae kh’? 

But Amin iS at the same time the abscissa of the intersection point of the 

branches 1 and 2, which has been denoted by do in Fig. 40. In fact, one 

obtains from (7) and (23.16) the following equation for Ao 


(eee ae 
p Xo Qr : 


hence \y = Amin. Phe corresponding value of Vinin is found as 


(13) Vii. = 2Vi = 2V; = 2 ae . 


184 MECHANICS OF DEFORMABLE BODIES [V.26] 


The general value (11) of V’ can be put in the elegant form 
_ ae ce A ) 
Oe Vas : 2 r + Ni : 


which is easily verified. 
We finally turn to the numerical values which in the present problem 
are not without interest. The constant of surface tension between water 


and air’ is 


T = 72 SYBeS _ 79 St 
cm sec 


From (12) and (13) one obtains with p = 1, g = 981: 


72 ie ae 
Amin = pe 981 — 1.73 em, Vin = 4/24/72 X 981 = 23.2 cane 


Water waves with a velocity of less than 23 cm/sec do not exist; waves of 
larger and of smaller wave length than win = 1.73 cm travel with greater 
velocity than 23 cm/sec. Lord Kelvin proposed for waves } < Amin the 
name “ripples’’; one sometimes observes big gravity waves the faces of 
which are covered with fine capillary ripples. 


26. The Concept of Group Velocity 


At the end of 24 the term phase velocity was proposed in place of 
velocity of propagation V and it was pointed out that the phase of the 
wave advances with the velocity V. The phase is given in our representa- 
tion [(23.1), (28.7), (24.1), ete.] by the exponent i(kxz — wt); if it is kept 
constant, that is, if one looks for the locus of equal phase as time proceeds, 
one obtains the condition 


(1) kdx-—wdt=0, therefore — = 


For waves of a given invariable frequency (or, borrowing an expression 
from optics, for monochromatic waves), this is the only velocity that can 
come into consideration. 

That is no longer true if waves of different frequency are superposed 
on each other. We speak then of a group of waves, particularly in the 
case where the frequencies are closely together. (Today one prefers, 
particularly in wave mechanics, the term “wave packet”, an expression, 


3Note that the most accurate method to detérmine T consists in the measurement 
of \ of standing capillary waves excited by a tuning fork. Elevation measurements in 
capillary tubes tend to be inaccurate because of impurities along the walls of the tube. 
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which is perhaps not quite so elegant as appropriate.) The wave group 
progresses with the group velocity U which, in general, is different from 
the phase velocity V. It is convenient to write the expression for U in 
the following way that will be justified later: 


_ de 
~ ee 


If the waves proceed without dispersion, that is, if V is independent of 
the wave length \ (or of the wave number &) one obtains from (1) dw = 
Vadk and therefore 


(2a) U=YV. 


Group and phase velocity coincide only for wave processes free of dispersion. 
In general, however, we have 


(2) U 


dV 
dw = V dk + ky dk, 


or, by (2), 


dV dV 
(2b) Se oa erred A: 
For normal dispersion (dV/dd > 0), the group velocity is smaller than the 
phase velocity, for anomalous dispersion (dV /dd < 0) the converse statement 
holds. 
For gravity waves in deep water we have by (23.17) 


gn dV 1 


VO Nor? a 
and by (2b) 
(20) U=V-sV<¥. 
On the other hand, for pure capillary waves (25.7) yields 
es. ec 
Noe dy ay. 
hence 
1 
(2d) Ve eV 


For the combined capillary-gravity waves we have according to Fig. 40 
for \ < Amin anomalous dispersion, therefore U > V; for X > Xmin the 
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dispersion is normal and U < V. Ford = Anin, U = V, corresponding to 
the horizontal tangent in Fig. 40 and to the vanishing factor dV/dA in 
(26). 

The possibility of U and V having opposite signs has also been dis- 
cussed.* 

The concept of group velocity is originally a hydrodynamical one 
(Stokes 1876), but has proved of fundamental importance in optics (Lord 
Rayleigh). In wave mechanics phase velocity has formal significance 
while the group velocity is the important physical quantity, viz. the 
velocity of the particle represented by the wave packet (L. de Broglie 
1924). 

Let us first reproduce here the usual elementary derivation of formula 
(2), following Stokes. We superpose two waves that advance in positive 
x-direction, having the same amplitude, but slightly different frequency, 
hence slightly different wave number: 


(3) n = a{sin (k,2 — wit) + sin (kor — wot)}. 


The wave group so produced has the character of a beat: at points where 
the difference of two phases is equal to 27, there is reinforcement; when 
the phase difference is (2n + 1) there is neutralization. This can be seen 
if (3) is written in the following form 


ky = : 
(3a) = 20 005 (Bt, — = 88 gin (HA, or ts) 


The cosine term vanishes or equals +1, depending on whether the phase 
difference of the two partial waves is an uneven or even multiple of 7. 
Introducing 


= Ak, @1 — @ = Aw 


mth =p, i FW. _ ky oa 


we write for (3a) 
(3b) n = Csin (kor — wol), C = 2a cos ; (Aka — Aw). 


The introduction of the “‘amplitude-factor” C for the cosine factor should 
suggest that it is a slowly variable quantity. We call it the group amplitude. 
The phase velocity of the compound wave as it follows from the sine 
factor in (8b) is 


7 20 
ve 


‘Cf. Sir Arthur Schuster, Theory of Optics, London, 1924, p. 330. 
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and thus not sensibly different from the phase velocities of the com- 
ponent waves 


V,4+2 and V.=2. 
ke 
On the other hand, the velocity of propagation of the “amplitude” C’ is 
found by setting 
Akzx — Awt = const, 


which yields when differentiated 


dx Aw 


Go) . Ak dx — Aw dit = 0, ar Ay 


In the limit Ak — 0 we therefore obtain our formula (2). 

We can go beyond the very special assumption (3) when we consider 
an arbitrary group of waves whose frequencies are spread over a small 
frequency band. Since it is now convenient to return to complex repre- 
sentation, we put 7 in the form 


kote 
(4) n= fale" dk. 

koe 
The amplitude of the partial wave is now a(k)dk and the small band width 
of the whole group 2e, if measured in wave number units, so as to be 
concentrated about the central wave number k, . We rewrite the exponent 
in (4) accordingly: 


ka — wt = kox — wot + (k — ko)x — (w — an). 


If this is done, (4) assumes the form 


kote 
(4a) 7 = Ces ek C — dhe eae dk. 

koe 
To find the velocity of propagation of the amplitude C in this more general 
case, we have to set the exponential in C’, which alone contains x and 1, 
constant. This yields for the whole wave group the sensibly constant value 


in agreement with Eq. (2), if Ak is sufficiently small. 

It should be noticed that the more general formula (4) as well as the 
expression (3) constitute a superposition of infinitely long wave trains, 
but do not represent an isolated hill or a few crests and troughs. To express 
an isolated wave group (a wave packet) by analytical means would require 
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the use of Fourier integrals; the integration in (4) would have to be carried 
out over all wave numbers from — © to + © instead of over the narrow 
range 2e. 

A wave packet can proceed without change of shape only if there is no 
dispersion. In the general case the group dissolves on account of the dis- 
persion since its partial waves do not keep together; this tendency is of 
particular importance for the particle concept of wave mechanics. The 
conservation of the packet in the absence of dispersion follows directly 
from d’Alembert’s solution (13.11), at least in the case of a sufficiently 
small amplitude, when this solution applies to dispersion-free hydro- 
dynamics as well as to acoustics. An arbitrary initial disturbance » = F(z) 
is then given by » = F(x — Vt) at any later time if the initial velocity 
an/dt has been suitably chosen. This means that the wave can advance 
without change of shape. 

In Fig. 41a and b a simple construction of the group velocity is shown 
that uses Eq. (2b) and the relation tana = + dV/dd. 


a b 


Fie. 41. Construction of the group velocity for a given phase velocity when the 
dispersion curve is given; (a) normal, (b) anomalous dispersion. 


Reynolds’ and, simultaneously, Lord Rayleigh® have pointed out the 
relation between the group velocity and the transport of energy and thus 
enhanced the physical understanding of the concept of group velocity. In 
their theory the ratio of group velocity U to phase velocity V appears as 
the ratio of the energy flow S through a specified cross-section of the wave 
during the time 7 to the energy / contained in the fluid region ahead of 
this cross-section per length V7: 


By] % 


(5) 


IG 


‘Reynolds, O., Papers on math. and phys. Subj., Cambridge 1901, Vol. I, p. 198, 
from Nature 46 (1877) 343. 

‘Lord Rayleigh, Scientific papers, Cambridge 1901, Vol. I, p. 322 and Theory of 
sound, Vol. I, appendix from Proc. London Math. Soe. 9, 21. 
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It is convenient for what follows, to identify the time r with the period 
of oscillation, so that Vr is equal to the wave length \. The energy E is 
more accurately defined as the energy surplus of the oscillating fluid over 
the fluid at rest. 

Let us examine these relations for deep water waves of sufficiently 
small amplitude. Since we are concerned with energy, that is with a 
quadratic function of the rates of displacement, we cannot use the complex 
representation. Taking the real equations (23.14) and (23.14b) 


® 


A cos (kx — wt)e™™”, 


(6) 


n= —* Asin (ix - of), 

we can obtain the potential energy of gravity contained between the un- 
disturbed surface y = 0 and the wave surface y = 7 at a specified time 
t, per length d in z-direction and per width 1 in z-direction: 


ny ” 
ee oe | de [ y dy 
0 0 
(7) 


2 2 > = - k? A’ 
a sin’ (ka — wt) dz = gpa. 


Using the dispersion formula (23.15), we rewrite this result: 


(7a) Byo. = 4G kAR = oA? 

This is at the same time the difference between the potential energy 
of the oscillating fluid and the fluid at rest for the entire depth which 
reaches from y = 7 to y = © for the moving fluid and from y = 0 to 
y =o for the fluid at rest. 

The kinetic energy contained in this region has the same magnitude, 
as is always the case for small oscillations; this will be discussed in detail 
in problem V, 1. The total energy, or more accurately, the energy excess 
over the fluid at rest becomes therefore 


(8) : E= Exin “hr 1 ae a pw A”. 


In order to determine the energy flow S through the cross-section at 
x = \, which may be replaced by the cross-section « = 0, we have to 
know the pressure p at this cross-section. This is found from Bernoulli’s 
equations (23.5) and (23.5b) as 


o® 
(9) P= Ps, + pgy + const. 
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Since p acts normal to the plane z = 0, its product with the z-component 
of the velocity, multiplied with dy dt expresses the work dW done at the 
surface element dy-1 during dé: 


tok 
(9a) We, dydt=— Bp ae dy dt. 


The work performed at the cross-section x = 0 during the time + repre- 
sents the energy flow through this cross-section in this time. It is by (9a) 
and (9) 


ao sz ~ fal ari - — [af ay (oF + >.) 


The terms pgy + const not written out in (10) have the periodic factor 
d@/dx. Since they are independent of é, their contributions cancel when 
integrated over the period r. Substitution from (6) gives 


5s = pokA? | dt sin” at | e*” dy 
0 7 
or, after integration, 
pee 2,-2k7 _ P 2 
(11) S= 57Ae = ott. 


Here, e”*” has been replaced by 1 which means omission of terms of 
higher order than A’. 
Comparing (11) and (8), one obtains 


(12) es 


This is indeed the value of the ratio U/V for deep water waves obtained 
in (2c). We have thus confirmed in this simplest case the general energetic 
definition (5) of the group velocity. It also holds in the considerably more 
complicated case of moderately deep water where Eqs. (2b) and (24.10a) 
lead to 


Gah/ 2kh ) 
VY 2\'* sono 


Let us now have a look at this result from a more qualitative point 
of view; we again consider the wave train of length \ ending at x = 0. If 
no dispersion were present, the entire energy content of the wave would 
flow through the cross-section during the period 7; in other words, we 
should have S = FE and U = V. Actually, only a part of this energy is 
transported in the case of normal dispersion (half of it with deep water 
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waves), whereas the other part remains in the oscillating fluid ahead of 
the cross-section. This makes the case of anomalous dispersion appear 
rather peculiar since more energy passes through the cross-section than 
is present in the A-train ahead of it; the energy remaining in the train 
would be negative. To maintain the wave motion in such a case requires 
expending more energy than travels with the wave; in the first case less 
excitation energy is required for the same amount of energy transported. 
Energy transport is thus easier in a medium of normal dispersion and more 
difficult in a medium of anomalous dispersion. 


27. Circular Waves 


The waves that are produced when a stone is thrown into water form 
a series of concentric circular crests and troughs; their amplitudes are not 
constant, nor are the distances between the crests. What one observes is a 
sharp decrease of the amplitude and an increase of the distance between two 
subsequent crests, which seems to follow a peculiar law. This problem that 
appears so simple requires for its solution a considerable mathematical 
apparatus: we not only need Bessel functions and Fourier integrals, but 
we should have to use the method of steepest descent if we were to treat 
it in full accuracy. A systematic treatment of these devices will be given 
in Vol. VI. At this point we shall limit ourselves to such explanations as 
are directly required here. 

For our analysis we shall replace the stone that hits the water surface 
by a “‘standard disturbance’’: at r = 0 a cylindrical piston of radius rp is 
immersed in the water to a distance a from the surface and suddenly 
withdrawn at the time ¢ = 0. If we again denote the surface depression 
by 7, the initial state is given by 


n = Q, r<fto. 


(1) 


n = 0, ae Ty. 


In preparation for the problem of a single disturbance we first consider 
the much simpler case of a periodic excitation. 


1. The Periodic Case. Introduction of Bessel Functions 


The excitation we have in mind works in a similar way as the device 
that produces waves in a swimming pool: a straight board subjected to a 
periodic motion excites plane progressive gravity waves advancing normal 
to the board. We have investigated waves of this type in 23 for deep water 
and wish now to transfer our previous results to the present circular sym- 
metric problem. 
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Introducing cylindrical polar coordinates 7, y, y (y positive downward), 
we write the condition of incompressibility for the velocity potential & 
(ef. problem I, 3) in the form 


ao 


lad 1 
7" ay” 


(2) or” + r or eo 


ae 
dg” 
If we at first assume circular symmetry, ® does not depend on gy and can 
be written as follows 

(3) @ = Af(rje “e**'. 

Now the following differential equation results for f(r): 


“ a1 pepo 


We substitute kr = p and obtain 


ee ldf 


Let Jo(p) be the solution of this equation which is regular at p = O and 
assumes there the value 1. The power series expansion of this function 
can be easily found from (4a) by the method of undetermined coefficients: 


a p 2 il p 4 1 p 6 
id s(e) =1- (8) + 30 (8) — gp (6) + --- 
If, on the other hand, ® is not independent of ¢, then we replace f(r) by 
fr(r)e’”® and obtain instead of (4) and (4a) 


Ufa, 1 af ( 2 =) - 
(6) dr” 7 dr ae k yr? We at 0 
and 

Tf, , 1dfa ( = ) _ 


Let J,(o) denote that solution of (6a) which is regular at p = 0 and admits 
the following expansion, 


(7%) ~=J.(p) = - er = ae (Zhe “ - i = (2) d 


which may be considered as a generalization of (5). The functions J, are 
known as Bessel Functions of n“ order; they are entire transcendental 
functions. 
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The following relation between J, and Jo 


(8) Ae 5, Iolo) 


can be immediately verified from (5) and (7). 
On writing Eq. (4a) in the form 


d | dJo 
ge 


4 ide) ey (o) = 0. 


where J,(p) has been written for f, one has because of (8), 


adore = Cay 


This relation, integrated to an arbitrary upper limit, yields the following 
formula 


(8a) [ pJo(p) dp = pod (po). 


We shall also need the integral representation 


1 . ipcosa 
(9) ee = | eiPeoe dy, 
| eae eo 


It is not difficult to verify that this expression satisfies Eq. (4a) and has 
the value | for p = 0, wherefore it must be identical with (5). The same 
result can also be obtained, though less directly by series expansion of 
the exponential function in (9). Obviously, (9) can also be written in the 
form 


1 tpcosa 
(9a) Joe) == f oft" da. 
WT vo 
We now substitute f = Jo(kr) in the formula for the potential (3) and 
obtain 
(10) Gi =A esse 


This formula satisfies the condition for deep water: 6 — 0 for y >~, but 
it should also satisfy the conditions (23.6) and (23.11) for the surface 
y = 0. The analytical form of the surface depression is assumed in corre- 
spondence to the form of Eq. (10) 


(10a) n = ado(krye ***. 


Our expression for @ and 7 leads, by exactly the same steps as in Eqs. 
(23.9), (23.12) and (23.13), after cancellation of Jo(kr)e *°', to 
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(11) a a ee 
Thus we reobtain the dispersion law (23.15) 


(11a) Oo = VJ gk 


and the final expression for the potential becomes 


_ ag —ky-iwt 
(12) & = oF Jo(kre 


2. Single Disturbance. The Fourier-Bessel Integral 


The content of the Fourier integral theorem is this: an arbitrary func- 
tion F(x) (provided it is not ‘‘too irregular’) can be represented by super- 
position of trigonometric functions °32 kx or by the equivalent exponential 
functions e"”* in the form 


(13) F(a) = =| dh e™ io dFee™, —a<2 <+a, 


This theorem has an analogue in the following representation of F by 
Bessel functions 


(13a) FQ) = [ "dew Cen) [ “EdEF(QIo(K), O<r< +o. 


Both theorems will be proved in Vol. VI, where (13a) will be obtained as 
a consequence of (18). 

We now apply (18a) to the initial state (1). Our function F(r) is then 
given by 


a for OR ara 
Fr) == 
0 for % <7 << o', 


Its representation according to (13a) is 


i: ene i Eee) i ” dé To(kb). 


For the evaluation of the inner integral Eq. (8a) is used, which gives, 
with ké = p and kro = po, 


[ a¢ tothe) = 3a Jp de Solo) = 22 Iy(br). 
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Instead of the double integral (14) we have got 
(14a) jae [ Toll) I (ker) dle. 


Now we can show that 7 and & at any later instant t > 0 have the fol- 
lowing forms: 


(15) n= ary | So(ka)Js(krs) exp (—i -v/gh t) dk, 


(16) = (agi, i J ter) J ery) exp (—ky — 2 V/ gk t) dk/ VJ gk. 


For a proof, we observe first that (15) takes the value of (14a) if t = 0. 
Now, the expressions (15) and (16) are obtained by applying the same 
“operator” 


To i J (kro) dk OO 


to the periodic solutions (10a) and (12), with due regard to the dispersion 
law (lla). Since (10a) and (12) satisfy the differential equation of our 
problem and the boundary conditions for y = 0 and y =~, the same 
must be true for our expressions (15) and (16). Furthermore (15) and (16) 
satisfy the initial condition for t = 0 and are thus the required solutions. 


3. Integration with Respect to k. The Method of the Stationary 
Phase 


The quantities of physical interest in circular waves are all connected 
with the surface function 7 to which we therefore limit the following dis- 
cussion. To evaluate 7 we first replace J, in (15) by its integral representa- 
tion (9a) and reverse the order of integration, obtaining the double integral 


(17) 7 = = doe | dk J, (kero) exp (kr cosa — 1 ~/gk 2). 


T 


We denote the inner integral by K, put 27 = ¢ 4/gro/r and introduce a 
new integration variable by p = +/kro; with these notations we have 


(18) = 2 fp dp Ji(p%) exp [i(G" 0s a ~ 2p7)r/nd. 


Here r/7r) is a very large number, the exponential is, therefore, a rapidly 
varying function of p. In general, the positive and negative oscillations of 


196 MECHANICS OF DEFORMABLE BODIES ‘ [V.27] 


the integrand will cancel except at those places where the factor of ir/ro 
is slowly variable. If we abbreviate this factor by 


(19) f(p) = p’ cos a — 2pr, 
this will happen when 

! = = = 
(19a) fo) =0, P= Die: 


This observation leads to a method of estimating the value of the integral 
known as the method of the stationary phase. Since the “phase’’ of the 
quickly oscillating exponential function becomes stationary at po , one 
limits the range of integration to the neighborhood of this value and thus 
achieves the integration by elementary means. It was particularly Lord 
Kelvin who applied this method expertly to many problems of hydro- 
dynamics and optics. The mathematically exact form of this device’ is 
called the method of steepest descent which we mentioned before. 
Eq. (19) can be written in the form 


f(p) = cos a {(p — po)” — po} 
The integral (18) then becomes 


(20) Dote 
K = 7 XD (ips cos a-r/79) / J,(p’)p exp [t cos a(p — po)'r/ro] dp. 
0 Do—eé 
where the range of integration is now an e-neighborhood of py . The factors 
J,(p’) and p in the integrand are slowly variable compared with the ex- 
ponential function and may be replaced by J:(po) and py, . We finally 
substitute in (20) 
2 


(20a) s = q(p — Po); g = z COS a 


0 


and obtain 
(21) K = (2/ro) exp (—tpo cos a: 1/1) J (po) a at dat 


As to the position of the critical value p = po , (19a) gives, since 7 is 
positive, 


Po >O0 ~ for Oo) 
Po < 0 for 5 <a <7. 


'The problem of the circular waves has been- treated according to that method in 
the Munich thesis of H. Widenbauer, Z. angew. Mathem. u. Mech. 14, 321 (1989). 
Our Fig. 42 has been taken from this paper. 
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In the first case p) and, consequently, the value s = 0 fall in the range of 
integration 0 < k < ©; not so in the second case. Thus the representation 
(21) is valid only for a < 1/2. Otherwise we have 


(21a) K =0Q; oes a 


which means complete extinction by “interference’’. 
The final evaluation of (21) is achieved by means of the well known 
formula 


(22) [ 7 en dt = Vz. 


On replacing ¢ by 
i= Tapeiee! f= —is’, fe 6 gs 


we are led® to 
(22a) / eds aa POSE) a/r. 


The left member is our integral in (21) whose limits become +©@ if r/ro 
is made to approach infinity at constant e and cos a ¥ 0. If we introduce 
the result (22a) in (21) we obtain 


(23) K = (2 Wx/r0) exp (—ip? cos w-1/ro + in/4)Ji(p?) = 


Now the value of p, following from (17a) and (19a), 


_ . |grot 1 
Po 4r’ cosa’ 


is very small, provided 


grot 
Ay” 


(24) «1 
(but we must exclude a small finite neighborhood of a = 7/2). The Bessel 
function J, is, for small p, , sufficiently well approximated by the first 


term of (7): 
ise" 1 
( Ar? COs’ a * 


8It will be noticed that the original path of the integration in (22a) is the bisectrix of 
the 1st and 3d quadrant in the complex s-plane which forms also the limit of convergence 
of the integral; this path may be replaced by the real axis and two circular arcs; the con- 
tributions of the latter vanish if R > @. 


Po 


2 ! 
Ji(po) = ’ Pod (po) = 9 = 3 


SES 
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Taking the value of g from (20a) we obtain finally for K 


2 


3/2 
: 3 (2) exp (—igt’/4r cos a + im/4). 
cos’ a 


(25) K= 


4. Integration with Respect to a. Discussion of a Limiting Case 


We return now to (17), where we may restrict the integration interval 
to0 <a < w/2 because of (21a). On introducing the volume displaced 
by the initial impulse, V) = roa, (17) is transformed into 


V, gt 3/2 x/2 da | 
(26) = = (| ik cont exp (—igt’/4r cos a + i/4). 


We shall finally have to make r, — 0. In order to obtain a finite effect in 

the limit, V, must be kept constant, that is to say, the depth of immersion 

amust approach © in a definite way. We shall come back to this eventually. 
The representation of 7 by (26) depends essentially on the variable 


(27) ‘ja 


Our aim is to determine the asymptotic behavior of 7 if uw —-«. Now for 
large u the exponent in (26) becomes once more a rapidly varying function 
of a, so that the method of the stationary phase can again be applied. 
Similarly as before, we denote the factor of wu in the exponent of (26) by 
f(a) and have 


f@ = ae je) = Be, 
The critical a-value is thus 
a 1 
a =a, = 0, f (eo) = 1, f@) =1+ 9? cos’”” Qo ei 


and consequently 


3/2 € 
(28) 4 = I (x) exp (—iu + in/4) i exp (—‘tua’/2) da. 


We need the value of the integral in (28) for large u. Keeping ¢ constant, 
we apply the same argument that led us from (21) to (23). This time the 
integral in (28) transforms as follows: 


i exp (—iua’/2) da = A ih exp (—1s”) ds = Bs exp (—77/4). 
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By substitution in (28) we finally obtain 


Vo ue *” 
V 2a" , 
The dimensions in this equation are easily checked: u is a number ac- 
cording to (27), Vo/r’ is a length and so is 7. 

Our method seems to break down at the upper limit 7/2 of the integral 
in (26) because of the denominator cos a, but according to (21a) this is 
at the same time the lower limit at which K vanishes. Thus one is probably 
right to assume that a special investigation of the behavior of (26) at the 
upper limit is unnecessary. 

The real part of (29) is the surface equation in which we are interested; 
we have 


(29) 7 = 


n= ae U COS U. 
V2” 

n becomes infinite for r = 0, which is quite understandable since the depth 

of immersion a has become infinite in the limiting process 7, — 0 for fixed 

V. . The amplitudes of the crests decrease according to u/r’ or r ’, the 

crests follow each other at the distance 


Sarr” 
Ar = a B? 
as is easily seen, if the phases of neighboring crests wu = 2mm, u = 


2r(n + 1) are compared for constant ¢. Hence the wave length is no longer 
a constant as in our previous examples of wave motion, but increases at 


nntr) 


Fie. 42. Shape of the water surface ¢t seconds after the 
ring waves were excited; t must satisfy the condition 
Oh 2 Ue 


constant ¢ with r? and decreases at constant r with ¢’. Fig. 42 is a diagram 
of the surface profile 7. Its appearance agrees well with that of a water 
surface disturbed by the fall of a small object like a stone or a rain drop. 
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Our problem was set as a prize problem by the academy of Paris in 
1816 and solved by Cauchy. About this and a later paper of Poisson cf. 
the report of H. Burkhardt.” 


28. Ship Waves (Kelvin’s Limit Angle and Mach’s Angle) 


The wave pattern that is left behind by a ship at sea consists of a 
system of waves that envelopes the hull lengthwise and is interwoven 
with a system of cross waves. The two systems advance with the boat so 
as to be stationary relative to it. The beauty of the pattern is most im- 
pressive when viewed from an airplane or from the top of a high cliff, but 
the same phenomenon on a more modest scale develops behind a duck 
swimming in a pond. 

In our analysis the object that produces the waves will be considered 
as a point. The problem can then be formulated in the following way: 
The instantaneous location of the boat is the origin of a system of circular 
waves; this origin is in uniform rectilinear motion, its velocity being the 
speed of the boat v. Our task is to find the result of the superposition of the 
successive circular waves. That it will be stationary relative to the boat is 
evident, but the detail structure of the wave pattern is surprising enough 
and can only be unraveled by a careful analysis. 

With a view to Fig. 438, let O be the location of the boat at the time 
t = 0, and Q its location ¢ seconds earlier so that QO = vt. We wish to 
find the ordinate of the water surface 7 at the field point P. It is to be 
compounded of all ordinates 7, that were produced at earlier instants t by 
means of the formula 


(1) n=6]- ne at. 


The factor 6 in (1) must have the dimension of a reciprocal time; we put 
it equal to v/l. For the length / there is hardly any choice other than the 
cube root of the initial displacement V, in Eq. (27.29). Thus we obtain 
from (1) and (27.29) 


ae] 
(2) 7.= aii 73 Ue EXP (—71,) at, C= 


where 7, is the distance QP in Fig. 43, that is, the distance between the 
field point P and the location of the source of disturbance, ¢ seconds ago. 

Now let P have the polar coordinates r and # relative to the pole 0; 
r and @ are therefore independent of t. According to Fig. 43 we obtain 


*Jahresbericht der deutschen Math. Ver. Vor X, p. 429 (1908). 
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(3) r= +t? + Qrvt cos 9, 
where ¢ is negative. As in (27.27) we put 
2 
4 ae 
(4) u = 4F = $0. 


The representation (27.29) which we have applied in (2) was computed 
under the assumption u >> 1. With this condition, f(é) becomes again a 
rapidly varying function so that the method of stationary phase can be 
applied. We then have to find the roots of the equation f’(t) = 0. From 
(4) and (3) we obtain 


4 2t : 
(5) gi = = = 5 Wt + rv cog 3) = 5 wt? + 38rvt cosd + 27’). 
Hence the roots of f’(é) = 0 are 
Bese Oe ae oT 
t= BF cog 9 4|2% cost 9 25 


If # is an acute angie, the roots ¢, and ¢, are both negative 


ar 
i= — 37 (cos — 4/ cos’ & — ‘I 


3r 
Z=—- 3° (cosa + Ae _— = 


Now, in order to fall in our integration interval —o < t < 0, the roots 
not only have to be negative, they must also be real. This implies 


(6) 


cos’ f > 2 


9 


9? le | <a, 
where # denotes the limiting angle 
(7) cos’ Jy = 200 tg 3) = = 3) = 19°28’. 


V8" 
This angle was first determined by Lord Kelvin. For |&| > & there is 
no such ¢-value as would make the phase stationary, that is to say, the 
whole wave pattern is bounded on erther side by a straight line forming the 
angle 3) with the direction of motion of the boat. This is shown in Fig. 44 
which is taken from Lamb’s’” Hydrodynamics. 

The interference pattern itself can be understood on the basis of the 
integral (2) which essentially reduces to the two contributions of the neigh- 


10H, Lamb, Hydrodynamics, Cambridge, 5th edition, p. 409 ff. 
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borhoods of ¢; and t, . These contributions contain the phase factors 
exp [—7(t,)] and exp [—7f(t,)]. By putting f(t,) and f(t.) constant, one 
obtains the two systems of curves, the lengthwise and transverse waves 
mentioned before. In Fig. 44 the successive crests of the two systems have 
been drawn. We shall discuss these curves by giving the field point P a 


Fic. 43 (left). Illustrating the generation of ship waves. O is the present position 
of the ship, Q, Q’ --- are previous positions of the ship, P, P’ --- are specified positions 
of the field point. 

Fic. 44 (right). Lengthwise and transverse ship waves. 


variety of positions, having in mind that the disturbance at P at the time 
t = 0 is essentially caused by two annular waves that issued from the 
source in the positions Q’ and Q” at the times ¢, and ¢, respectively. 

Let us start with a field point position P = P’ on the limiting line 
0? = 3) . The two values ¢, and ft, in (6) coincide: The common source 
position associated with this case is the point Q’ in Fig. 43. Its distance 
from O is by (6) 


000 = tt = 01 Sy COS Bo , 


where 7” is the distance of P’ from O. The direction of the curves of uniform 
phase f(t,) = f(t.) = const in P’ is given by a circular arc element with 
center Q’ and radius Q’P’. Both curves of constant phase pass through P’ 
in the same forward direction. Considered as one curve they form a cusp 
ate. 

If now @ is decreased and 7 so chosen that f(t.) remains constant the 
source position associated with ¢, moves to the left from Q’ (see Fig. 43) 


since —vt, increases according to (6). When #@ reaches the value zero, 
Q’ reaches the position Q3’, so that 
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Here r is the distance between O and the field point P3’ at which the 
transverse wave intersects the course of the boat. The direction of the 
phase curve is obviously perpendicular to the course; it coincides with the 
circular element of radius Q3’P5' = r about the center Qj’. This gives a 
general idea of the shape of the phase curves f(t.) = const. 

If, on the other hand, we choose the r-values for decreasing 8 so that 
f(t:) remains constant, —vt, decreases [see (6)] and the point Q’ in Fig. 43 
moves right to the new position Q,. The slope of the lengthwise wave 
through P’ becomes flatter, as is shown by the circular are about Q, with 
radius Q, P, . The distance OQ/’ becomes for very small 3 


ee ae Ae = ( 3 ys) 
om = So(1 9 9 9 =nl+ 3¢ 


so that Q{’ nearly coincides with the field point P{’ when both are close 
to O. The lengthwise waves should become tangential to the direction of 
travel at O if our method were still valid in the neighborhood of O. This, 
however, is not the case: Our me hod of stationary phase breaks down for 
a short running time ¢. Nevertheless the general shape of the lengthwise 
waves has thus been clarified. 

The phase curves f(é,;) = const, f(t.) = const are essentially identical 
with the actual wave pattern observed. Along either curve the contri- 
bution of the integral whose phase is not constant shows up as a secondary 
ripple, at least at some distance from O. For a comprehensive analytical 
representation of both families of curves see Lamb loc. cit. and L. Hopf 
in his Munich thesis quoted on p. 120; there the evaluation is carried out 
by complex integration. 

Looking back at our result it appears strange that there should exist 
a limiting angle 3 independent of the traveling speed v. This seems to dis- 
agree with the well known photographs of projectiles moving with super- 
sonic speed, first obtained by the Austrian philosopher and physicist 
Ernst Mach (1838-1916) with the so-called schlieren method. The pro- 
jectile in Mach’s beautiful theory is shrunk to a moving point, just as 
the steam boat before, from which compression waves originate continually. 
At the time of observation the wave that has originated ¢ seconds ago has 
now spread over a spherical surface of radius r = ct where c is the sound 
velocity. In the meantime the projectile has traveled a distance x = vt. 
The spherical shells so produced have an enveloping circular cone, the 
Mach cone. Half its apex angle is called the Mach angle and given by 


sin Bo = 
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The Mach angle is approaching zero with increasing rr. in contrast: to 
the limiting angle J) = 19°18’ in the case of the ship waves. 

The reason for this different behavior is found in the desperston, Vhe 
sound waves travel at fixed velocity ¢ without dispersion. The deep water 


Fre 5 A projeetile moves with Supersame veloeit,y between tw parallel walls, the 
Mach cone is reflected at the walls. 


Bie Wa The projeetile has pierced a thin wooden wall The woed splinters alse 
produce Mach cones of varying apex angles, according to their velocities. 
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waves follow the dispersion law Vo= fq hk. With the velocity thus 
depending on the wave length, there exist: waves which at any given 
speed of the boat run along with the boat, while in the Mach phenomenon 
all waves are overtaken by the projectile. Thus the faet that 9%, is inde- 
pendent of v becomes understandable. 

We could substantiate this interpretation if we treated the ship wares 
tn shallow water, in the sense of 24. According to (24.7) there is no dis- 


Bie. ib. Phe projectile passes a evlinder with circular slots. The spherical waves orig- 
inating at the openings are tangential to the Mach cone of the projectile. 


persion in this case, and Mach’s purely geometrical argument: may be 
applied. Ife > Vo the hmiting angle should go to zero with increasing: v. 
This problem, however, in which we would have to assume a flat) dis- 
turbanee Ga flat-bottomed boat) seems to us rather artificial. However, 
the classical investigations of annular waves on which the theory of ship 
waves is based (Kuler 1759, Laplace 1776, Lagrange 1787) assumed shallow 
water. 

We close this chapter with some of the less well known pictures. of 
the Mach phenomenon which were taken in the ballistie laboratory of 
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C. Cranz. Fig. 45 shows a projectile flying between two walls: the Mach 
cones suffer regular reflection at the walls, also, on this and the other 
photographs a tail of eddies is shed from the rear end of the projectile. 
Fig. 45a shows a shot through a thin wooden wall which is located at the 
left border of the picture: the projectile itself which has somewhat deviated 
from its path after piercing the wall and the numerous splinters flying 
along show their Mach cones. Note that the splinters possess Mach cones 
with larger apex angles than the projectile in accordance with their smaller 
velocities which, however, are still larger than the sound velocity c. Fig. 
45b is very instructive: the projectile was shot through a cylinder fur- 
nished with circular slots and is just emerging from the other end. Spherical 
waves come from the slots whose envelops fit the Mach cone of the pro- 
jectile accurately. Here we see a direct experimental realization of the 
mental picture we have of the formation of the Mach cone as the envelop 
of individual spherical waves. At the same time the photograph is a beau- 
tiful visualization of Huygen’s principle, which likewise operates with 
envelopes of spherical waves. 


CHAPTER VI 


FLOW WITH GIVEN BOUNDARIES 
29. Flow Past a Plate 


In this and the following articles we restrict ourselves to two-dimen- 
sional flow and may, therefore, make use of the powerful tool of the 
theory of complex functions. 

We take up again our discussion of elliptical coordinates £ » in 19. 
The connection with Cartesian coordinates x, y is given by Eq. (19.15) 


(1) a + dy = c cosh (— + in). 


Here c is half the focal distance (cf. Fig. 27) and, at the same time, half 
the length of the projection of our plate in the 2z,y-plane; the plate is 
supposed to be infinite in +z-direction. 

In elliptic coordinates the front and back sides of the plate are simul- 
taneously given by 


— = 0, a re he 


corresponding to the infinitely narrow ellipse of Fig. 27. For these values 
the right member of Eq. (1) is real, hence y = Oand -—c <a <e. 
On the other hand, for 


te Or aa 


the right member of (1) becomes a positive or negative purely imaginary 
number, hence x = 0 and y 2 0, as can also be seen from Fig. 27. 
Consider now the analytic function 


(2) & + iW = const sinh (— + 77) 

already anticipated in (19.20). Let the constant in (2) be equal to zge, 
where g is a real quantity having the dimension of a velocity: 

(2a) const = igc; q,c > 0. 


Now, ® + <W is not only an analytic function of € + 7m, but through (1) 
an analytic function of x + iy likewise. Consequently @ and ¥ may be 
interpreted as velocity potential and streamfunction (19) provided they 
satisfy such boundary conditions in the z,y-plane as are required by the 
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problem under consideration. The values of @ and © along certain lines 
of the x,y-plane have been listed in the following table, the auxiliary 
variables £ and » playing the role of parameters: 


é, n-plane x, y-plane values of &, ¥ 
é=0 x=ccos7, y= 0 Y=0, &= —qesn7 
i zr=0, y= —-csmhé <0/Y=0, = gecoshé >0 


ean z=0, y=+csnhé>O0|¥=0, = —gecoshé <0 


Be ey =7ei oe Y=+qr, = —-gy 


The first three lines of this table are explained in our previous remarks, 
if one takes into account that the right member of (2) becomes real for 
& = 0 as well as for 7 = 1/2 because of (2a). As regards the last line, 
the effect of the limit © on z, y, etc. can be easily seen if one separates 
real and imaginary parts in (1) and (2). One obtains for large & 


= ~¢ cos = © of gin 
ao nN; y 9 UB 
(3) 
C : C 
@ = — Pe sin 9, v = ef cos 9, 


in agreement with the last line of the table. 
According to the ® and W values in the last line, the flow field in the 
neighborhood of the point infinity of the z,y-plane is uniform, viz. 


(3a) a en ie) 


The first three lines of the table contribute the following additional 
information about the flow: the streamline Y = 0 coincides with the 
negative y-axis (line 2) and with the positive y-axis (line 3). According to 
line 1, a singularity appears at y = 0. 

In its total extension, ¥ = 0 may be described as follows: the branch 
n = —1/2 corresponding to the negative y-axis splits into two branches 
at y = 0 (center of the front side of the plate). They follow the surface of 
the plate and are obtained according to the first line, when 7 passes from 
—1/2 to x/2 either by adding or subtracting 7(—32/2 being equivalent 
to x/2). The two branches join at the center of the back side and, from 
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there on, Y = 0 coincides with the positive y-axis.’ This streamline to- 
gether with the known flow pattern at infinity forms a frame for the 
family of streamlines ¥ = const, that makes the diagram of Fig. 46 
acceptable. 

The point or, rather, the points O on the front and back side of the 
plate are of particular interest. They are called points of bifurcation with 


Fic. 46. Plate at right angle to flow. 


The theoretical flow pattern downstream uit 
is a mirror image of the upstream pattern. ae 


reference to the division of the streamline Y = 0, or branch points with 
reference to the mapping function. Physically speaking, they are stag- 
nation, points since the velocity of flow vanishes there (v, = v, = 0). 
According to Bernoulli’s theorem they are points of maximum pressure: 
From (11.9) we have for steady flow and in the absence of external forces 
(U = const) 


(4) p = const — Sune 


If we put the pressure at infinity equal to zero, so that p is the “hydro- 
dynamic” pressure due to the acceleration of the fluid in the presence of 
the plate, then const = p/2 q’[q is the flow velocity at infinity according 
to (8a)] and 


(4a) p=5(¢ —0’). 


This shows immediately that p,,,, is larger than any other possible p-value. 
The pressure distribution along the plate is found from our formulas 
as follows: From 


= —ge sin 7, x = c COS 7, 
1Tf the é, n-strip in Fig. 27a which is in one-to-one correspondence with the z, y-plane 


is shifted downward by 7/2, the streamline Y = 0 is represented by an E-shaped figure, 
the upper and lower horizontal of which correspond to the same ray y > 0, a = 0. 
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d6dn __—s cos 7 
we find Qe ree oa 
d by (4a) eee (1 — 208-2) 
and by (4a p= 54 aa 


Here the front side is given by —r < 7 < 0 and the back side by 0 < 
n < 1/2 and —3n/2 < » < —7, or simply, 0 < 4 < a. The pressure 
becomes then 


0, x = +c 
pp =—o for 7 = at the edges of the plate 
Bev x= -¢ 
Tr c 
ge ie 4/2| at a distance 0.29c from 
p= 0, for 7 = either edge toward the 
3m c | center 
Se re c= V2 


and, as we have found before p = Pmax = p9'/2 for » = +2/2, 2 = 0, 
center of plate. 

This pressure distribution is impossible in a perfect fluid because of the 
occurrence of a negative pressure (which at the edges becomes even infinite) ; 
the fluid would separate under a negative pressure.” 

A second consequence which is no less paradoxical, is this: The re- 
sultant pressure force exerted by the stream upon the plate is zero, (the 
resultant moment vanishes, too) since the pressure at any surface element 
on the front side is canceled by the corresponding pressure on the back 
side. In other words, if the fluid is transformed to rest at infinity (by super- 
position of the constant velocity field @ = qy), so that the plate moves 
through the fluid with uniform velocity gq no work would have to be expended 
in such a process. Once the plate together with the surrounding fluid has 
been set in motion, it will keep on moving with constant velocity. 

This paradoxical assertion in a generalized form, in which it applies 
to rigid bodies of arbitrary shape, is attributed to d’Alembert or Euler.® 


*Here the emphasis lies on the fact that the pressure becomes arbitrarily strongly 
negative; if it were only negative, but would stay bounded, we could make good for that 
by choosing the pressure at © sufficiently positive. 

‘In the introduction to his book, Hydrodynamik, Leipzig, Akademische Verlags- 
gesellschaft 1927, C. W. Oseen quotes Spinoza as an even earlier authority. One could 
say, in a sense, that Oseen’s book has as its aim the analysis of the paradox. For 
instructive detail observations in two dimension: see G. Hamel, Z. angew. Math. u. 
Mech. 15 (1935) 52 


[V1.29] FLOW WITH GIVEN BOUNDARIES PAW 


Fr. Wa The verteal plate in reat flow Stagnation point at the upstream: center 


of the plate. 


Fig (7b The oblique plate in real flow The stagnation port is shifted towsrd the 
upstream edge of the plate. 
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Kirchhoff, Lord Kelvin and, later, Minkowski* investigated the general 
conditions for a steady motion like the one in our example from the point 
of view of abstract hydrodynamics. It was found that the direction of 
the momentum would have to coincide with the axis of the moment of 
momentum to make the motion possible. In the case under consideration, 
however, the occurrence of arbitrary large negative pressures makes the 
motion physically impossible. 

Let us now compare Fig. 46 with the photograph of a real flow past a 
plate in Fig. 47a.* The two Figs. 46 and 47a are in very good agreement 
upstream of the plate but have nothing in common downstream. In the 
picture of the real flow eddies occur behind the plate that are generated 
in the process of passing the edges of the plate and move downstream 
with the fluid. We shall investigate this phenomenon in 30 and 32. 

For the present, however, we wish to maintain our theoretical view- 
point incomplete though it is, and investigate the flow past an oblique 
plate. We rotate the x,y-system with respect to the £,7-system by the angle 
y < 2/2 and change Eqs. (1) and (2) into 


(5) a + iy = ce” cosh ( + %n), 


(6) & + ww = igcesinh (€ + in + 77). 


The table of p. 208 is now replaced by: 


£, n-plane x, y-plane values of $, V 


xv = € COS 7n COS Y 
ee 4 v¥=0, = —«sin (n+) 


y =ccosysiny 
z x = +csinh ésiny W = +gcsinh ésin y 
= 
y = *Fcsinh £ cosy @ = + 4c cosh — cosy 
Cc t 
E> @ ety =Ge'oo Y= qo, 2 ey 


*Preuss. Akad. Ber., 1888, 1095. 


“Figs. 39a, b and 47a, b are reproductions of photographs taken by the firm of 
Ahlborn in Hamburg. 
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According to the table, the front and back sides of the plate represented 
by € = 0, ~t < y < 0, and 0 < » < rare still the strearaline Y = 0. In 
the neighborhood of the point infinity of the z,y-plane, that is for >, 
we have a uniform field of flow with constant velocity ¢ as before; the 
streamlines in this region are the lines x = const, but the lines » = 1/2 
are no longer streamlines. Geometrically, they represent a pair of rays 
that coincide with the two halves of the bisectrix of the plate; the center 
column of our table gives for these lines the equation y = —x cot y. 
Altogether, there are no rectilinear streamlines in the finite domain. 

In order to analyze the flow pattern we first determine the stagnation 
points. They are the branch points of the function that maps the @ + 7¥- 
plane on the x + zy-plane. Now, the general condition for a branch point is: 


d(® + iY) _ 
e de Fay) = 


The differential quotient is calculated from (5) and (6) as follows: 
a(S + Ww) /d(x + ty) _ tg cosh & + tm + 7) 


a) d@+ in / dé + in) sinh @ + i 
Condition (7) leads therefore to 
(7b) cosh (€ + in + ty) = 0, 


or, on separating into real and imaginary parts, to 
(7c) cosh £ cos (y + y) = 0, sinh é sin (7 + y) = 0. 


Since cosh é is never zero, and sinh é vanishes only for ¢ = 0, the solution 
Giathe ois 


Ll Fee 


(8) Vie pe cae - 


Thus there are again two stagnation points one of which is in the front, 
the other in the back of the plate: 


oe 6] 0, g=-5-7y md £=0, get5-7. 


They are not in the center of the plate, but shifted up and down by the 
same amount |x + zy| = c sin y, as follows from (5). In Fig. 48 they 
have been denoted by O, and O, . At these points we have again v, = 
v, = 0 and the pressure is, according to Bernoulli’s equation (4a), a 
MAXIMUM: Derag = Prax = PY /2. From our derivation it follows that the 
stagnation points are points of bifurcation as before. The streamline that 
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meets the plate at O, and divides there into two branches is normal to 
the plate, and so is the stream line issuing from O, . 


Fic. 48. Flow past an oblique plate. The 
=<===*yY theoretical flow pattern downstream is ob- 
tained by rotating the upstream pattern 


Se about the center of the plate by 180°. 


The differential quotient computed in (7a) yields quite generally the 
velocity of flow in the complex form 


(9) a Se 


This is a direct consequence of the form of f’(z) in (19.4a) together with 
the Cauchy-Riemann equations (19.5). If we take the absolute value in 
(9) and substitute (7a), we obtain 


cosh (§ + i + 77) 
sinh (€ + 7m) 


(10) lvl =q@ 


In particular for € = 0, that is, on the plate itself, we have on either side 


cos (m + 


1 = 
(10a) lvl =q ane 


The pressure distribution is found from (10a) by substitution in Bernoulli’s 
equation (4a): 


cos” (n ak Y), 


11 | =P ¢(1- 
(11) p=54q\1 see 


This leads again to 
[0 = — &9 for 7 = 5 
=tai 


that is at the edges of the plate, and the point where the pressure vanishes 
is found from p = 0 as 


(12) Con Gy ty) nena 
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which can be written cos (7 + y) = + cos (1/2 — 7»), and therefore 


: T 
either Pe 5 ts m=m= 575) 
a er aie Gee = 4 = 5 


The value 7 is positive, the corresponding point lies therefore on the 
backside; the converse is true for 7, . The zone of negative pressure is on 
the back side between 7 = 0 and yn = 7, , on the front side between y = —7 
and 7 = 7 . Since arbitrarily large negative pressures are not permissible, 
our solution in the case of the oblique plate has as little physical reality 
as in the special case of a normal plate. 

The comparison of Fig. 48 with the photograph of a real flow in 47b 
illustrates what we mean. Ahead of the plate the two stream patterns are 
rather similar, in particular, there is a stagnation point in front which 
has the expected position. The downstream flow, however, is entirely 
different. Instead of an antisymmetric repetition of the upstream pattern 
we meet again the characteristic eddies in alternating positions. 

In this article we have only dealt with the steady flow past a plate. A 
plate problem occurs also in acoustics, when a light circular disk is sus- 
pended in the non-steady field of a sound beam. This so-called Rayleigh 
disk plays a significant part in the measurement of sound intensities; the 
analytic methods discussed so far and developed in the following are of 
importance for the theory of this instrument, as Lord Rayleigh’ has shown; 
for this reason our statement about the unrealistic character of the ob- 
tained solutions should be restricted to the case of steady flow. 


30. The Problem of the Wake; Surfaces of Discontinuity 


“There is nothing in the nature of a liquid that should prevent two 
adjacent fluid layers from sliding past each other with finite relative 
velocity, provided we consider the fluidity as perfect, that is, exclude all 
friction. Our assertion is certainly true for those properties of the liquid 
which are considered in the hydrodynamic equations, viz. the conservation 
of mass in each volume element and the equality of the pressure in all 
directions; these two factors do not preclude the possibility of a finite 
difference of the tangential velocities on either side of a surface in the 
interior of the fluid. The components of the velocity normal to the surface 


G 6 
and the pressure, however, must be equal on both sides of such a surface’”’. 


’‘Lamb, Hydrodynamics, Cambridge, 5th ed., Chap. IV, Art, 77, 
6Helmholtz, Preuss, Akad. Ber., 1868, 
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Helmholtz further points out that a sharp edged obstacle always pro- 
duces discontinuity surfaces in the flow and that in this way the negative 
pressures that would otherwise be present are avoided. He also observes 
that the discontinuity surface which originally is conceived as a geo- 
metrical surface curls up under the influence of friction and takes the 
form of a sequence of eddies (Helmholtz speaks of vortex filaments). All 
this will be discussed in 32; for the present we maintain the assumption of 
a perfect inviscid fluid. 

With this in mind we again take up the two-dimensional problem of 
the plate, assuming the plate normal to the flow for the sake of simplicity, 
as at the beginning of 29. Two lines of discontinuity—if we now use two- 
dimensional terminology—issue from the end points of the segment that 
represents our plate. They are symmetric to the y-axis, but of unknown 
shape (cf. Fig. 49, where the edges of the plate are denoted by A and B). 


Fic. 49. Helmholtz flow past a vertical plate AB. 
U The wake is delimited by the discontinuity lines AU 
and BU that originate at the edges of the plate. 


The wake is enclosed between the two discontinuity lines and the plate, 
and we imagine the state of the wake to be dead water in the literal sense: 
its velocity is assumed as zero, and the pressure is everywhere constant, 
say, equal to p, . According to Helmholtz, we then have also for the fluid 
that flows along the discontinuity lines the following boundary conditions 
for the pressure and the normal component of the flow: 


(1) (Pa Pous Vv, = 0. 


The tangential component »v, follows now from Bernoulli’s equation (29.4a) 
which yields because of (1) 


2 
(2) ON ere oe 


The tangential component is thus constant along the lines of discontinuity. 
Infinite velocities and negative pressures no longer occur. 

Kirchhoff’ worked out Helmholtz’s idea in detail and applied it among 
other things to the plate problem. He considers in addition to the two 
complex variables 


7G. Kirchhoff, Crelles Journ. 70 (1869) and Vorlesungen tiber Mechanik, Chap. XXII. 
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a third variable 


a 
@) i vz ie W, 
connected with z and f by the relation 

dz 


as in (29.9), and introduces the assumption that the wake reaches to infinity 
(we have tried to indicate that in Fig. 49). The pressure pp then equals 
the pressure at infinity which we defined as zero in (29.4a), so that now 
po in Eq. (2) must also be put equal to zero. From (2) we obtain 


(5) - |-a + 0,|=% = 4 


all along the lines of discontinuity. Consequently we have for ¢ the 
boundary condition 


-1 
(5a) | See 


We wish to emphasize, however, that the assumption of discontinuity lines 
reaching to infinity is too restricted. Indications for this will be found at 
the end of this article. 

Let us now look for the image of the discontinuity line, which separates 
the moving fluid from the wake in the plane of the complex variable ¢ 
(ef. Fig. 50). 


Fic. 50. Mapping of the z-plane on the ¢-plane. i 
Starting with the point infinity of the z-plane, we have there 


v, = g, v, = 0, and by (8) oo 

The image point U in the ¢-plane is therefore on the negative imaginary 
axis. The images of the two discontinuity lines must pass through the 
point U, in agreement with (5a). We draw now a semi-circle of radius 
1/q and center zero; it passes through U and terminates at the real axis 
in the points ¢ = -+1/q, which are the images of the points A and B in 
Fig. 49 (edges of the plate). All along the plate one has v, = 0 and therefore 
¢ real; this holds also at the edges. 
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We finally consider the stagnation point O in Fig. 49. There 
te and by (3) is Cy 


The image of O is the point © of the ¢-plane. This determines completely 
the mapping of the two halves of the plate: Since ¢ is real along the plate, 
as was just pointed out, one half of the plate maps on the segment OA, 
the other on the segment OB of the real axis in Fig. 50. 

In describing the circuit UAOBU in Fig. 49, the region of the “live” 
flow® remains to the left, and the region of the dead water to the right. 
Accordingly, the marked region in Fig. 50 to the left of the image circuit 
corresponds to the region of flow, the unmarked region to the wake. Yet 
that does not determine the analytic solution of our mapping problem 
since the shape of the lines of discontinuity is still unknown. 

This part of the problem calls for a discussion of the mapping of the 
z-plane on the f-plane, the characteristic points of which are listed in the 
following table. As before we assign the equation Y = 0 to the “sym- 
metric” stream line which separates at the stagnation point, whereupon 
the entire boundary of the dead water becomes real in the f-plane. The 
zero level of the velocity potential © is now assigned to the stagnation 
point O; this makes @ negative along OA and along OB. We denote the 
unknown value of @ at A and B by f, . (Note that fy is at the same time 
the value of f at A and B since V = 0; @ must decrease from O to A or 
from O to B, hence is negative along OA and OB.) f, is negative and given 
by 


(6) fox — | v, dx = — | v, ax. 
0 0 


We have thus found a correspondence between the total boundary of the 
wake and the negative real axis of the f-plane, but it is not a one-to-one 


04 
ttn 
Wp Fic. 51. Mapping of the z-plane on the f-plane. 


correspondence, since, for instance, the plate front AOB is mapped on the 
double segment f, — O — f, , ef. Fig. 51. This can be helped by making 
a cut along the negative real axis. The two borders of the cut form the 
image of the wake boundary, while the positive real axis has already been 


‘If we had used the reciprocal variable ¢’ = 1/f, instead of ¢, the region of flow 
would map on the interior of the semi-circle and the circuit UAOBU on the closed 
boundary of the semi-circle. We have retained Kirchhoff’s original definition of ¢ in (3) 
to make a comparison with the original paper easier, although the map of the flow 
in the plane {’, being simply the hodograph of the flow, has a stronger physical appeal. 
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in one-to-one correspondence with the stream line Y = 0. The marking 
of Fig. 51 indicates that the cut f-plane is the image of the flow field in 
Fig. 49. The wake is mapped on a second sheet of the f-plane connected 
with the sheet of Fig. 51 across the branch cut (the two sheets form one 
Riemann surface). 


Zz c - ia angular change 

il 1 

A +c = a onceen 5 
1 1 

B c -- q fo <0 2 

O 0 + 0 0 ; 

U © ee © 
q 


Let us now try to find the analytical form of the mapping of the ¢- 
plane on the f-plane, omitting the z-plane and comparing the Figs. 50 
and 51. (It will be noticed that this is feasible without knowing the dis- 
continuity lines, since the plane of the physical flow matters no longer.) 
If the mapping were everywhere conformal, it would be given by a bilinear 
relation between ¢ and f. There are, however, points where the con- 
formality breaks down, though not in the interior of the marked regions 
of the two figures, but on the boundary; they have been indicated in the 
last column of our table. The number } going with A and B means that 
the angle w occurring at the boundary points A and B in the f-plane 
appears as the angle 7/2 in the ¢-plane; the number 3 going with O should 
likewise tell us that the angle 27 at O in the f-plane appears in the ¢- 
plane as z. From this we infer that the relation between ¢ and f must 
contain 


=. 2 
f inthe form +/f, ¢ in the form (; + | ; 


We therefore consider the following bilinear relation of these quantities 


(c+) Vio — Vi 
(« _ 1) Vfot Vif 
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or, written more conveniently, 


i fo 
(qf — 1? 14 1+ 


This function fulfills the requirements of the table as can be shown by 
expanding (7) in power series at the points A, B, O. We shall come back 
to this in the next article in a more systematic way. 

Let us now compute ¢ explicitly. Eq. (7) can be rearranged in the form 


(7a) Go: +2 Je a + 1 = 0; 
the roots of this equation are 


(8) p= -1 (es 2-1), 


The salient point in this analysis is now that it is possible to eliminate the 
auxiliary variable ¢ by (4) and to obtain a differential equation between 
the two original variables z and f, viz. 


0 Beni padi) 


Its integration determines the mapping function. 
It is convenient for this purpose to introduce the parameter a by 


1 = sina, df = 2f, sin a cos a da. 
0 


Ni gee VP eee 


Choosing the upper sign in (9), we obtain 


(10) 


z= -— 12 (cos a + cos’ a) da 
which gives integrated 
(11) a — 2a deine +} (ein a cosa + a). 


In this integration the constant must be set equal to zero, since f = 0 
for a = 0 according to (10), and z is supposed to be zero if f = 0 according 
to our table. 
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For a = 1/2, f equals fy by (10); according to our table this character- 
izes the edge of the plate A, or z = c. Thus we have 


_ — ho ™ fo __ _—% 
ve 91m (14%), q wt+4 


which determines the hitherto unknown quantity f, . We substitute this 
value in (11) and obtain by separation of real and imaginary parts the 
following parametric representation of the plate: 


x eae 4c {sina +} Gina cos a + a) 


(13) gs 
7 | =. 0, 
traced by the point x, y when a varies according to 
v Tv 
(13a) 9 <a<+ 5° 


Now we allow a to take complex values, starting from 7/2: 
(13b) es 0<B <o. 


Then one has 
(13¢) sin a = cosh 8, cosa = + 7 sinh B. 


If a changes according to (13b), f remains real by (10) and (12), hence 
(13b) represents the continuation of the stream line Y = 0 beyond the 
end point A, that is to say, the lower branch of the discontinuity line in 
Fig. 49. Its parametric representation is obtained from (11) by separation 
of the real and imaginary part in the following form: 


z= 2 (cosh 6 + i) 
(14) 
2c : 
a aa q (cosh 6 sinh 6 =—sp)P 


This is a transcendental curve; its numerical determination makes no 
difficulty. For large 6-values it can be approximated by a parabola. 

Eqs. (10), (11) and (12) contain the general solution of our flow prob- 
lem. When a takes arbitrary Coe values we obtain 


2 
q sin a, 


(15) f=@4+wWe= coe 


ah a+ 5 (in a cosa + a). 


(16) a vies 
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An explicit representation of @ and WV in terms of x and y such as would 
be obtained by elimination of the parameter a is neither feasible nor 
necessary. 

To check our results we may compare the value of fo in (12) with its 
original definition in (6). According to (6) we ought to have 


c ° Aa® 
(17) fo== | de = | a, ot = & oy 


By (15) we have the ®-values 


= a eee a 
~, = gare for a= 
a = (t) for ay = (- 


Thus (17) and (12) are in agreement. 

Contrary to 29, the results of which led us to the d’Alembert-Euler 
paradox, our present theory gives a reasonable value for the total pressure 
P acting on the plate per unit of length under the influence of the streaming 


fluid. 
From Bernoulli’s theorem (29.4a) we have 
(18) p= | pdx = | (i - ) ae. 
Along the front of the plate v equals v, , hence v* = 1/¢’ by (3), and (18) 
takes the form 


: “fe (- pla 


This integral can be evaluated in the following elegant manner: along the 
plate, dz equals dz; thus we obtain from (4) 


i] 


| e 


(19a) de = (er eof (a - 4) df. 


From (8), where we choose again the upper sign, we have 


- a = 4 oe 


The reciprocal value of this expression may be written 


bef 
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so that 


a result that could have been read from the quadratic equation (7a). 
Upon introducing the last expression in (19a), we obtain 


(20) oe Ht [ V2 =e 


As regards the limits of the integral and the factor 2, note that the pressure 
distribution is symmetric with respect to the center, and therefore the 
contributions of the upper and the lower half equal. 

If we now introduce the parameter a from (10) we obtain 


x/2 
(21) P= —4ofoa | cos’ a da = — pf gr 
and, on substitution of f, from (12), 
Lig eM a 2 
(22) Same eg Oe 005 5d - 


The pressure per unit of surface is thus proportional to the square of the flow 
velocity at infinity in agreement with the general hydraulic experience 
(cf., e.g., p. 80); we could formulate our result also in this way: the pressure 
ts proportional to the kinetic energy per unit of volume of the undisturbed flow, 
or, in other words, proportional to the stagnation pressure at 0. The numerical 
coefficient, however, does not agree too well with the results of careful 
measurements. In the case of the infinitely long plate the actual coeffi- 
cient is about 2.0 according to Prandtl (Stromungslehre, p. 165)° instead 
of our value 0.88. The reason is—also according to Prandtl’°—that the 
real wake does not reach to infinity and the two separate regions of the flow 
join at some distance behind the plate. Besides, the pressure downstream 
of the plate is smaller than the pressure of the undisturbed flow because 
of the eddies present in the wake. This leads to a “suction” on the back 
side that adds to the pressure on the front side. 

The last remarks throw a good deal of doubt on the basic assumption 
of Kirchhoff’s wake theory which has been widely accepted in literature. 
An essential feature of the theory is the assumption py = 0 introduced in 
connection with Eq. (2). It is identical with the hypothesis of an infinitely 
extended wake as explained on p. 217. Attempts at a general treatment 


°Cf. also Hunsaker and Rightmire, op. cit., p. 198. 
See C. Schmieden, Z. fiir Luftfahrtforschung 17, (1940) 37 and M. Kolscher, 
ibid, p. 154. 
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of the problem which drop this assumption (see, e.g., footnote p. 223) are 
too complicated to be presented in this book. 

Let us finally have a look at the interesting question of stability; 
suppose the plate is not kept rigidly fixed, but is allowed to revolve about 
an axis through its center, what will be its position relative to the flow? 
If the preferred orientation were parallel to the flow, the total pressure P 
would vanish. The experiment shows, however, that the plate orients itself 
normal to the flow. 

A complete investigation of this question would require knowledge of 
the flow pattern and of the discontinuity surfaces also in the case of the 
oblique plate. We can do without that if we trust the stream pattern in 
Fig. 48 as far as the qualitative position of the stagnation point on the 
front side of the plate is concerned which, in Fig. 47b, is confirmed by the 
experiment. We take it then that the stagnation point travels toward the 
leading edge of the plate whenever the plate turns from the normal to 
an oblique position. The pressure maximum then travels in the same 
direction. When the plate, as in Fig. 48, is turned counterclockwise out 
of the normal position, the pressure produces a clockwise moment which 
tends to restore the normal position. This 7s therefore the stable position of 
the plate. The same argument applied to the parallel position shows that 
at 1s unstable. 

A weather vane likewise, would not turn into the wind but normal to 
it, if its axis were centrally located (actually the rear face is much larger 
than the front face). In fact, the Rayleigh disk (cf. p. 215) which is cen- 
trally suspended places itself normal to the sound beam. 


31. The Problem of the Free Jet Solved by Conformal Mapping 


It might appear that the mapping function given in (80.7) is the result 
of a lucky guess rather than of rigorous deduction. These doubts will be 
dispelled by the systematic derivation of (30.7) that follows here. 

Let it be required to map the positive quadrant” of a t-plane on the 
upper half of an s-plane; the simplest way to do this is by the relation 


(1) t = 3°. 


The mapping is conformal everywhere in the finite domain with the ex- 
ception of the origin of the two planes, where the straight angle + formed 
by the real axis at s = 0 is mapped into the angle 7/2 between the positive 


NOur quadrant can be considered as a closed polygon, bounded by two straight lines 
and possessing two right angles at t = 0 and t = © as one sees by stereographic projec- 
tion. More generally, any polygon with arbitrary angles can be mapped on the half 
plane. There exists for this purpose a general integral formula of H. A. Schwarz and 
E. B. Christoffel, but we do not have to use it here. 
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real and the positive imaginary axes at £ = 0. We consider now the ¢- 
plane connected with the t-plane by the bilinear transformation 


f+a bee! 

(2) are, tte? 

where a is real and positive. By (2) the positive-imaginary f-axis is mapped 
on the semicircular are |¢| = a@ which passes from ¢ = —a through 
¢ = —2a tof = +a (bilinear transformations are known to map straight 
lines into circles or straight lines), while the positive real axis of the ¢-plane is 
mapped into the two parts of the real [-axisa<¢<oand—o <¢ < —a. 

We now substitute (2) in (1) and obtain the mapping function 


| (Say 
(3) (¢ = a)” ass 


which maps the upper half plane of the variable s on the region of the ¢- 
plane marked in Fig. 50. 

Let us turn to the relation between s and f: here we wish to map 
the upper half plane of s on the f-plane cut along the negative real axis 
as indicated in Fig. 51. The angle + at s = O must be doubled in the 
mapping, so that the angle at f = 0 becomes 27. The simple relation 
s = ~/f of Eq. (1) would do this. We wish, however, to achieve at the 
same time the coordination of f-values and ¢-values prescribed by our 
table on p. 219, and therefore subject ~/ f first to a bilinear transformation 
which we write 


aVf+p 

YVat ? 

Combination with (8) and replacement of a by 1/q gives 

Cert ee 

(qi) ea 8 

The coefficients a, B, y, 6, determined” according to that table are 
g=-1, f=fo| aVfo+s=0, 
g=tl, f=fo | -yVfot+6=0, 
Mo es cu B = 6, 
m= f=—| «a=~y. 


2The negative sign on y in the second line of the table is obtained from Fig. 51 in 
the following way: +/f changes its sign in a transition from the upper to the lower border 
of the cut, if this transition is carried out without leaving the hatched sheet in Fig. 51, 
that is without crossing the cut. The value ~/f) in the first line that corresponds to the 
point A is thus to be replaced by — +/fo in the second line that corresponds to the 
point B. 


(3a) = 


(4) 
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Putting a = 1, we obtain for the other constants 


y= 1, 6=b6=—-Vfo, 


and Eq. (4) assumes the form 


(4a) SS eS ee 


Thus we have achieved a more cogent derivation of Eq. (30.7) based on 
the known mapping properties of the bilinear function and the square root. 

We now apply the same method to the classical problem connected 
with Torricelli’s name, viz. the outflow from a large reservoir, already 
treated in 11, p. 87. At that time we took it for granted that the fluid 
leaves the orifice in the form of a jet. Now we wish to follow Helmholtz 
who was the first to realize that the problem of jet formation should be 
made the object of hydrodynamic investigation. In the paper quoted on 
p. 215 he actually gives the present problem as the only example to 
illustrate the idea of the discontinuity surface. 

We shall treat here the two-dimensional equivalent of the problem of 
jet formation. This means replacing the orifice in the tank wall by an 
infinitely long slit of width 2c in a plane wall perpendicular to the drawing 
of Fig. 52. The action of gravity on the emerging jet will be disregarded. 


i 
U'—~ SSS 


f 


‘ 
1x 


Fic. 52. Two dimensional scheme of jet contraction. 


The center line of the jet is taken as y-axis, the wall as z-axis. The two dis- 
continuity lines that issue from the sharp edges of the slit will approach 
each other since the water enters the orifice also from the sides; the cross- 
section of the jet decreases therefore after its emergence from the orifice 
(vena contracta). The principal aim of our investigation is to determine 
the degree of contraction, that is to say, the ratio of the jet cross-section 
at large distance to that in the immediate neighborhood of the orifice. 
The details of the calculation need not be presented since the problem is 
mathematically identical with that of 30. 

Fig. 52 has been drawn in the plane z = x + iy. In addition we con- 
sider as on p. 217 and p. 218 the planes 
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1 , 
(5) [= =o, and f=@4wW. 
Along the two discontinuity lines the pressure is constant; it is equal to 
the atmospheric pressure which we take as the zero level for p. From 
Bernoulli’s equation (29.4) we then have v” = const along the discontinuity 
lines, therefore 


| Vale const—ae and from (30.3) eS : : 


Here g represents the magnitude of | v| at the points A and B, or, as we 
may also put it, the.value of the velocity at sufficient distance from the 
orifice, as it is given by Torricelli’s Eq. (11.10). 

At the infinitely distant point U of the jet, where the side component 
v, evidently vanishes, we obtain from (5) 


(5a) Sa ae 


Along the inside of the wall where v, vanishes, ¢ becomes real; for, we have 
from Fig. 52 and Kq. (5) 


fo>¢ ee Tan terall OA. 


(5b) 
—o<t —- at the wall O’B. 


The region of flow in the ¢-plane of Fig. 53 has therefore the same 
shape as in Fig. 50. In addition, Fig. 53 shows the image of the infinitely 
distant point U’ on the upstream prolongation of the center line of the 
jet. (In approaching the point U’ from the orifice we have to assume 
v, = 0, v, — 0, therefore Im ({) > — ~.) 


t 
A 
eo 8 A 0 1 
“11 “7 V1LEL ’ io 
Vf fe th vt oot 
a ' 
. eS 
u" (yal yy 


Fia. 53 (left). Mapping of the z-plane on the ¢-plane. 
Fic. 54 (right). Mapping of the z-plane on the f-plane. 


Fig. 54 shows the flow region of the f-plane. Let the stream line ¥ = 0 
coincide with the axis of symmetry of the flow UU’ (real axis of the f- 
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plane). & increases along this line in the direction from U to U’, since 
v = v, has here the direction from U’ to U. We assign to the streamlines 
that run along the walls of the reservoir and the discontinuity lines the 
value™ of the stream function 


Ye 


The entire region of flow is mapped on the strip of the f-plane bounded by 
these two W-lines. If we now assign the zero level of the velocity po- 
tential @ to the equipotential line that passes through the edges A and 
B of the slit, then the images A and B in Fig. 54 are located on the imagi- 
nary axis of the f-plane. The “lower” and “upper” tank walls are repre- 
sented by the segments AO and BO’ of the boundaries of the strip, while 
UA and UB are the images of the boundaries of the jet. 

As before we have now to find the analytical relation between ¢ and 
f, and use again a table that incorporates the correlations already indicated 
in Figs. 52-54. 


z .g iy 
A f +c : inw 
q 2° 
il ; 
B me mG — taal 
0 +o + © + 3% 
oO’ —o —o o— Fy, 
U +40 ae 1 (oe) 
a P} 
U’ —y.0 — yo -- © 


In the previous problem we had to map the cut f-plane in its full 
extension on a specified part of the ¢-plane which we were able to do by 
using the square root as a mapping function. In the present case we want 
to map a mere strip of the f-plane on the same part of the ¢-plane as 
before. This can be achieved by the exponential function. We use Kirch- 


*®The factor 1/2 of Wo simplifies some of the following formulas. 
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hoff’s notation e” where the variable w is proportional to f with a scale 
factor’* that depends on the choice of W, : 


6 ) a 
(6) re 
The mapping function (4) takes now the following form 
(g¢ + 1)’ Biel 
Cae ee 
Here a, B, y, 6 have been determined according to the foregoing table, 
e.g., by satisfying the conditions required for the points B, A and U; the 


conditions at the remaining points are then automatically fulfilled. In 
analogy to (30.7a) we obtain for g the quadratic equation 


(qf)* + 2ie"at +1=0 
with the solution 
qé = —ie” + Ve" + 1). 

Because of (30.4), where df is to be replaced by Y,.dw, this yields the 
differential equation 
Wo 

q 
Let us now consider the three straight lines of Fig. 54 


(7) de = — 2 4 Ver 4 1) aw. 


V = 0, v= a5 5 Lo . 
The quantities f and w are real if W = 0; the left member of (7) is then 
purely imaginary. The point z travels along the y-axis from — © to +o 
as it is expected to do (Fig. 52). Along the two other lines e” becomes 
purely imaginary. On putting 


e” = +718, Cn ee , 
s 
Eq. (7) appears in the following form: 
(8) de = "(48 + VFS. 


“Note that Kirchhoff in his treatise Vorlesungen tiber Mechanik, Chap. XXII, 3, 
defines the velocity potential with reversed sign, chooses the coordinate axes not sym- 
metrical to the jet, and does not set in evidence physical parameters of the problem 
such as g. This procedure, which amounts to putting q equal to 1, has been generally 
accepted in the literature. We are of the opinion, however, that a better grasp of 
Kirchhoff’s ingenious method becomes possible by the introduction of definite units 
from the start. 
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The square root is real for @ > s > 1; for these values of s, z is real and 
travels along the “upper” and “lower” tank wall y = 0,2 > candz < —e. 

As we are mainly interested in the free boundaries of the jet that issue 
from the slit, we must consider the range s < 1. This makes dz in (8) 
complex, as it has to be in the case of curved jet boundaries. We choose 
the upper sign in (8) which corresponds to the lower jet boundary in 
Fig. 52 and put 


8 = sina, 5 eee 


Eq. (8) takes now the form 


cosa , Wo -ia COS 
sin a q sin @ 


dz =“? (sin a + 4 €08 a) 


This yields after integration the result 


1+ cosa 


° AMP i 
(9) a (c 5 log =e a) + const, 


which may be checked by differentiation. The constant can be determined 
by requiring z = c fora = 7/2, that is, at the point A. Then we obtain 


WV 
const = c — —, and 


1 + cos 4 


| = — Be/ pen ye 
(9a) Z=C jhe te + 5 0b) Se 


Separation into real and imaginary parts gives: 


ie =o- "Pl — sin a), 
(10) 
1+ eon a) 


= (cos (ee t lo 
y q 5 COS @ 
These equations are the parametric representation of one of the two jet 
boundaries; the other is obtained from (10) by changing the sign of z. 
For a = 0 we obtain from (10) — 


WV 
r=e—-—, 


qg :) 


<< 
hiss 
8 


that is, the behavior at the infinitely distant point U in Fig. 52. Half the 
width of the jet at U is therefore 
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Finally, we have to find the physical meaning of the constant V, which is 
of course connected with the velocity g. We write down the second Cauchy- 
Riemann equation (19.5) 

(12) = 

At the cross-section U, that is, at large distance from the orifice, we find 
the velocity uniformly equal to q and parallel to the y-axis; the right 
member of (12) is therefore constant. Integration of (12) between the 
limits x = 0 and x = b which correspond to W = 0 and VW = (1/2), yields 
(12a) 


In combination with Eq. (11) one has 


b=c——b, 
TLE 


so that the relative contraction of the jet is 


u = = 0a. 
c Tv 


The actual contraction coefficients used in hydraulic practice are close to 
our theoretical result; they serve to predict the efflux through a given 
orifice from its geometry. 


32. Karman’s V ortex Street 


The analysis of a given physical situation usually requires a certain 
amount of idealization, so that the tools of mathematics can be success- 
fully applied; to find workable idealizations is the art of the mathematical 
physicist. Bearing this in mind, let us investigate a problem already 
presented by Helmholtz (cf. p. 216): What is the nature of the mechanism 
that leads to the curling up of the discontinuity surface into a sequence 
of vortex filaments? In the case considered in 30, the vortices originate 
at the sharp edges of the plate; in general vortices may be generated by any 
obstacle that is in the way of the flow. The photographs 47 a, b give a good 
idea of them. Loosely speaking, the vortices operate like ball or roller 
bearings distributed along the discontinuity surface that separates the 
streaming fluid from the dead water. This visualization gives at least the 
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correct sense of rotation of the vortices on either side of the wake. There 
is however this difference: the vortices do not run along in the same way 
as the balls in the race of a bearing. They would move with the stream, but 
they influence each other; actually the mutual influence produces an add2- 
tional velocity which is superimposed on the principal velocity of the flow 
and has in the simplest case the opposite direction as we shall see. 

Kaérman”° idealized the sequence of vortices produced at an obstacle 
by assuming an infinitely long straight vortex street and disregards the 
origin of the vortices by transferring it to infinity. The vortices on either 
side of the street are equidistantly arranged: this characterizes the steady 
state which has developed in the (infinitely) long time that passed after 
they had been generated. On either side of the street the sense of rotation 
is different; the “upper” vortices are clockwise, the “ower’’ vortices 
counterclockwise. The principal velocity points to the right, corresponding 
to that of a free flow that rolls on “bearings” along a wake at rest. Karman 
restricts himself to the case in which the additional velocity is parallel to 
the street; we shall start our analysis with the same assumption. 

The first consequence is, as we shall show, that the two rows of vortices 
must be either opposite as in Fig. 55 or alternating as in Fig. 56. (Note 


Additiona/ Principal 
velocity ai —— oe wele city 


5 Ne S R(4 
oe ? { 
? oe 
= +4 
ee 
Fig. 55. Karman’s vortex street consisting of two rows of vortices of different orienta- 
tion. The vortices are in opposite position. 


that ‘vortex’? means concentrated vortex filament, indicated in the figure 
by a dot with semicircular arrow.) 

Consider Fig. 55; number the vortices from — © to +o and choose 
the vortex 0 of the upper street as “field” vortex, that is, consider this 
vortex as subjected to the induction of all the other vortices as in 21. 
There are no contributions to its velocity from the neighboring vortices +1 
on the same side of the street, since the induced velocity is normal to the 
line connecting with the inducing vortex and points in the sense of its 
rotation. The contributions of the pair +k cancel for the same reason. 
The contribution of the opposite vortex 0 points in the negative direction 


“Th. v. Karman, Uber den Mechanismus des Flissigkeits- und Luftwiderstandes, 
Gottinger Nachr. 1911 und 1912. Cf. also Karman and H. Rubach, Physikal. Z. 13 
(1912) 49. 
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of the street. Also the contributions of the pair +1 on the other side, which, 
individually, are inclined to the street, give a resultant in the negative 
direction of the street, and the same is true for the pair +k. 

When the vortices are not exactly opposite to each other, the same 
construction will give a total induction at our field vortex that is oblique 
to the street with the one exception of the alternating case of Fig. 56. Here 
we compound the inductions due to the vortices 0 and 1 on the opposite 
side (broken lines in Fig. 56), and generally the inductions of the pairs 
(—k, k + 1) and obtain again an additional velocity at the field vortex, 
pointing in the negative direction of the street. Fig. 56 gives in addition 
an idea of the presumable path of the fluid particles that wind in and 
out between the vortices, in reasonable agreement with the photographs 
in Fig. 47a and b. 

These photographs suggest at the same time that the alternating ar- 
rangement of Fig. 56 rather than the one of Fig. 55 occurs in nature. In 


0 +1, +2 


D) a. D) 74, 


+2 
le ee 


Fic. 56. Karman’s vortex street; the vortices are in alternating position. 


order to explain this preference Karman investigates the stability of both 
arrangements. 

The concept of stability applied to a problem such as ours needs some 
comment. In Figs. 55 and 56 the locations of the vortices 


Ze = X + Ye 


are accurately given by the positive or negative integer number k so that 
the additional velocity can be calculated according to well known complex 
methods. To investigate the stability we have to impart small displace- 
ments or disturbances 


a= ai = Yi 
to the vortices.*® The introduction of such disturbances changes also the 


l6This variation is actually too restricted since it occurs only in the z, y-plane while 
in the z-direction the displaced vortex filaments are still supposed to be straight as they 
originally were. A more gencral stability investigation which introduces variations 
in z-direction has been carried out by K. Schlayer in his Munich thesis [Z. angew. 
Mathem. und Mech. 8, (1928) 352]. One can defend the special variations admitted by 
Karman, observing that “infinitely long” straight vortex filaments can at any rate only 
be produced in a flow between parallel plates at a small distance (see p. 160). The 
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additional velocity. For instance, the statement that the total induction 
of all vortices on the same side as the field vortex vanishes is no longer 
true. In the disturbed state the velocity of the field vortex depends on all Z, 
regardless on which side of the street they are. We assume the dependence 
as linear neglecting the higher powers of z, . The variation of the induction 
produced by the variation of the z, determines the time rate of change 
Z, of the field vortex as a linear function of all the other 2, . Thus we obtain 
first an infinite system of linear differential equations of first order for the 
z, which can be reduced, however, to a system of only two differential 
equations of the same character (see later). According to the general 
theory of small oscillations'®*, one determines first the principal modes of 
the system, that is, one finds solutions with the time dependence e™’. 
This procedure was carried out in a very simple case in Vol. I, 3.24 and 
prob. IV, 2. If \ is purely imaginary the vortex street is considered stable 
since oscillations of constant amplitude would be attenuated by friction 
which has been neglected so far. But the occurrence of even one complex 
A-value with a positive real part makes the vortex street unstable, since a 
system can only be stable if all principal modes are stable. KArman”’ has 
shown that an arrangement of vortices as in Fig. 55 is unstable for any 
value of A different from zero; the alternating arrangement of Fig. 56 is 
stable if and only if 


(1) sinh te wily hence ; = 0.281. 


Our Figs. 55 and 56 have been drawn with about this numerical value of 
h/a. 

The complete representation of the stability investigation, which is 
rather an involved mathematical problem, would take up too much space 
here. We shall indicate only the main points of the calculation. In doing 
so we shall at the same time broaden the basis of our investigation by 
following a ‘paper of Maue.’* We shall assume that one row of the street 


stability of such an experimental arrangement is indeed demonstrable by means of 
the special variations used in the text, provided the plate distance is sufficiently small. 
According to Schlayer, there is, however, always a weak instability toward general 
variations, and it increases with increasing plate distance. 

16. For a discussion of the method of small oscillations see, for instance, Karman, Th. v. 
and Biot, M. A. Mathematical methods in Engineering, New York, 1940, Chapters 
V and VI. 

17Karman’s investigation has been supplemented by Bl. Dolaptschiew who consid- 
ered terms of second order. |Z. angew. Mathem. u. Mech. 17 (1937) 313, 18 (1938) 263] 

8A. W. Maue, Z. angew. Mathem. u. Mech. 20 (1940) 130. Eqs. (6) to (8) that go 
beyond Karman’s original investigation have been taken from this paper. Mr. Maue 
kindly contributed the appendix to the present article. 
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is shifted relative to the other by the amount d < a (in Fig. 55, d = 0, 
in Fig. 56,d = a/2). This makes no formal difficulties if the origin of the 
z-plane is located at the center of the pair 0, 0 and if the points are num- 
bered in such a way that the points +k on the one side are diametrically 
opposite to the points -k on the other side of the street, viz: 


(2) =, @=2atkha, w= 5 (a + th). 


(The superscripts 1 and 2 refer to the upper and lower rows of the street 
respectively, z) indicates the location of the O-vortex belonging to the 
upper side of the street.) 

First, we give a-very simple expression for the complex potential 
f = ® + «wW valid for arbitrary d, as it depends on d only by z . Our 
starting point is Eq. (19.10) which describes the combined action of a 
positive and a negative vortex; the numerator and also the denominator 
occurring there vanish respectively at the center of the positive and negative 
vortex. The generalization of this equation for our vortex street is simply 


se (eas 


2 s 
we a ee 
(3) feat slog aces 
a 


In fact, the numerator vanishes now for all points 
z=2+ha =2,, 
and the denominator for all points 
z= —(+ka) =2 


as required by (2). The periodicity of the sine makes each vortex act 
with the same strength. The factor A in (19.10) that characterizes the 
vortex strength has been changed in accordance with (19.8a) and the 
signs have been adjusted in such a way as to correspond to the orientation 
of the vortices in Fig. 56. 

By differentiation of f with respect to z one obtains as in the familiar 
relations (30.3) and (30.4) 


< 
I 


v, + Ww 

a z vy? 

(a os 
vo—t.,—" t . 

Here v is the velocity of a fluid particle characterized by its complex co- 


ordinate z. If we wish to apply this formula to one of the vortex points, 
e.g., to the field vortex z = 2 itself, then we must keep in mind that its 
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induction upon itself is zero and has to be omitted in the expression for f. 
This can be done by adding to the right member of (3) 


+ * log @ — %). 
Tv 
According to this, Eq. (4) yields, when we introduce u = u, + tu, to 
denote the velocity of the field vortex 2) , 
Gi 2a)e 
— log @ — 20) |; 


a 
og ————_ 
T dz sin (z tiv 


the differential quotient (4) is to be taken at z = 2) . We therefore intro- 
duce 


@-ami =e E+) >= mo +e, 
and find in the limit —« — 0 


« — — UH apg 2m 
(5) u me Saree 
This formula is valid not only for the vortex z = 2), but, because of the 
periodicity of the street, also for any other vortex. The condition for the 
“additional velocity” u to point in the direction of the street is simply 
that (5) be real; consequently the expression 


ctg nes . or because of (2) etg = (d + th) 


must be purely imaginary. This occurs only if d = 0 ord = a/2. In both 
cases we have from (5) 


d=0, w=u,= en 
a a 


(5a) 

ae B h 

u* = wu, = — —tanh —7z. 
a a 


By means of the stability criterion stated in (1), the second line of (5a) 
can be written in the form 


‘aul 
5b = £ * = SS bed 5 
(5b) d 9? u Uz aa 
Thus the additional velocities constructed in Figs. 55 and 56 have been 
found. The principal velocity indicated in the same figures—it could be 
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denoted by q as in the plate problem —has the value zero for the particular 
frame of reference we have chosen (center of the pair 0, 0). This can be 
seen from Eq. (3): If z is allowed to go to infinity along some specified 
path lying outside the vortex street, then the quotient of the sines tends 
to a constant limit; thus f is constant and q = 0. 

In all other cases u is oblique relative to the vortex street. The angle 
of inclination y follows from (5) by an elementary calculation: 


(6) tgy="= 


The absolute value u of u is also obtained from (5): 


d 


h é 
cosh? m= — sin’ ee 
(6a) y=! OS 

a a te ae al 
cosh* +r — — cos r— 
a a 


This formula is the generalization of u, in Karmdn’s result, which is our 
uz in Kq. (5a). 

If we let the vortex street be generated by a flow past a plate, as at 
the beginning of this article, Eq. (6) must obviously be associated with 
the case of an oblique plate. This should not imply, however, that the angle 
y in (6) is equal to the angle y in Fig. 48 (the former is actually smaller 
than the latter). Unfortunately, the photograph 47b does not show clearly 
the obliquity of the street produced. 

We have still to discuss the central part of our problem, viz. the in- 
vestigation of stability. Following Maue, we choose a slightly modified 
approach: instead of prescribing displacements z, for the vortex points, 
we modify the sine functions occurring in the complex potential (3) in the 
following way: 


(7) Sin (2 — Za) - — £,(2) and sin (2 + 20) - ale 


The perturbations ¢, , ¢2 are supposed to be small. They are connected to 
the arbitrary variations z, by the requirement that the zeros of the func- 
tions (7) should occur at z; + 2, and 2; + 2; respectively. This is achieved 
by putting 


kW ~y Poth =: 


$:i@o + ka) = (—1) no ) £o(—2o + ka) = (-1) ae ’ 
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In this way the functions ¢ have been fixed except for a function of the 
period a. The velocity of the vortex points after perturbation is now 
found as in Eq. (4) by differentiation of the modified function f. Upon 
expressing the same velocity by the time derivatives of the perturbations 
one obtains two simultaneous linear differential equations between Giese 
their first and second derivatives with respect to z, and [,, 2. The dis- 
cussion of these equations which we omit here yields the stability criterion 


(8) Bee Gee 
a a 


This is the direct generalization of Kérmén’s criterion (1). Thus there exists 
also in the case of a vortex street that advances in oblique direction, a 
certain value h/a for any given value d < a such that the vortex street 
maintains its arrangement after perturbation except for small oscillations 
that do not increase. 

Fig. 57 illustrates this result and at the same time Karman’s special 


Ka 
Fie. 57. Illustrating the generalized stability criterion. 
d The width h of the vortex street as a function of the 
0 a/2 a mutual displacement of the two rows of vortices. 


case [Eq. (1)]. It is an h versus d plot for all possible stable vortex streets. 
If the sinh in (8) were approximated by its tangent at the origin, the h 
versus d-curve would become an ordinary sine curve. Since the hyperbolic 
sine increases monotonically with its argument, the actual h, d-dependence 
is a slight distortion of the sine curve appearing on the right side of (8). 
The maximum ordinate corresponds to Ka4rman’s case d = a/2. For d = 0 
one has h = 0, just as in the geometrically identical case d = a. In both 
cases the two rows of vortex points coincide point by point and cancel 
each other: the end points of the stability curve have no physical sig- 
nificance. 

One can expect that an experimental investigation such as was carried 
out by Kaérmaén and Rubach for straight vortex streets (cf. footnote on 
p. 232) will also confirm the generalized stability criterion (8) for oblique 
vortex streets. ’ 
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Appendix 
The Drag Problem 


Karman’s real aim in his investigation of the vortex street was to 
establish an analytic drag formula. For this purpose he considers a body 
moving through the fluid in the rear of which a vortex street has developed 
that reaches to infinity. The calculation is performed in the z-plane of the 
street, x being the direction of motion of the body. The body itself is 
considered as infinitely long in the direction normal to the z-plane. One 
delimits in the plane a sufficiently large rectangular region by a control 
surface, which includes the body and a sufficiently long stretch of the 
vortex street, and investigates the balance of momentum inside the control 
surface. The terms to be considered are: the pressure interaction between 
fluid and body, the increase of momentum inside the control surface due 
to the generation of new vortices, and the flux of momentum through the 
control surface. The first of these three terms is to be taken negative; its 
real part represents the drag, its imaginary part the side force normal to 
the direction of motion. 

Even in the case where the direction of the vortex street coincides 
with the direction of motion of the body the calculation is rather involved. 
The more general case studied by Maue where the directions of the vortex 
street and that of the motion of the body form an angle with each other 
will probably always occur, unless there is a special relation of symmetry 
between the body and the direction of its motion. The drag formula is 
not given in Maue’s paper quoted on p. 234 but has been kindly con- 
tributed by the author for use in the following discussion. It contains 
K4rmd4n’s formula as a particular case. 

The notations used here conform to those of 30 in the plate problem. 
The drag P corresponds to the integral of the pressure over the width of 
the plate in (30.22). The effective width of the body normal to the direc- 
tion of motion in the z + 7zy-plane is now denoted by 2c, while previously 
2c was directly the width of the plate. In the present notation gq is the 
velocity of the body relative to the fluid which is at rest at infinity; the 
previous q was the flow velocity at infinity while the plate was at rest. 
The dimensionless drag coefficient is denoted by ) (previously, 0.88). The 
distance of two neighbored vortices is a, h is the width of the street, and 
u its velocity of progression as calculated in (5). 

According to Maue, the drag formula that replaces (30.22) is 
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where A is given by 
(10) n= 21 Ay — Br! J/1 = Cy — 20%. 


Here, A, B, C stand for 


es 22 os sinh 6 B= + sinh 6(8 cosh B — sinh 8), 
(11) 


1 

— "a (1 aa sinh? 6) 
the numbers 6 and 7 are defined b 
(12) B= 


The drag coefficient (10) thus depends on three ratios, viz. the two quanti- 
ties appearing in (12) and a/c that appears in (10). 
In Kaérm4n’s case d = a/2; hence, with sinh 8 = 1 by (8), (11) gives 


(13) A=0.794, B=031, C=0. 


From (10) Karmdn’s drag coefficient is now obtained in the form 


2 
(14) — (0.704 aie (“) ), 
Elian q 


depending only on the ratios a/c and u/q. In the papers quoted on p. 232 
these ratios have been obtained from experiments carried out with a flat 
plate: 


(15) - a/2c = 5.5, u/q = 0:20. 
With these numerical values (14) gives 
(16) A = 1.6, 


a considerably larger value than Kirchhoff’s coefficient 0.88 in (30.22). 
The latter value is too small as already mentioned in connection with the 
results of Prandtl and his coworkers. 

W. Heisenberg’® has made an attempt to determine the quantities (15) 
theoretically from certain conservation theorems that should hold in the 
generation of vortices. He finds, in excellent agreement with K4rman, 
a/2c = 5.5, u/q = 0.23, which would yield, by (14), \ = 1.8. 


Physik. Z. 23 (1922), 363 with an additional remark of Prandtl. 
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33. Prandtl’s Boundary Layer 


It seems unsatisfactory that in all examples of potential flows” dis- 
cussed in this chapter the fluid was supposed to be inviscid. However, in 
the case of an zncompressible fluid in two- or three-dimensional potential 
flow the disregard of viscosity has no bearing on the differential equations, 
although it is of decisive importance for the boundary conditions. 

This can be seen by a glance at the Navier-Stokes equations (16.1). 
If curl v = 0 (potential flow) and div v = 0 (incompressible fluid), the 
friction term »V* v can be dropped entirely from Eqs. (16.1) because of 
the relation 


Vv = grad div v — curl curl v. 


Hence irrotational solutions of the Euler equations are always solutions 
of the Navier-Stokes equations: the viscous forces have no dynamic effect in 
the interior of the fluid tf the flow zs irrotational. 

This is no longer true at the boundary between the fluid and a solid 
wall. While the boundary conditions for a perfect fluid are for this case 


(la) v, = O, v, arbitrary, 
they read for a viscous fluid according to (10.9) (condition of adherence), 
(1b) 0) v, = 0. 


It is only in the proximity of the wall that the viscous forces become dynam- 
ically important as a consequence of the modified boundary condition (1b). 
For a flow with large Reynolds numbers we may assume, however, that 
the modification of the perfect fluid stream pattern due to viscosity does 
not extend very far into the interior of the fluid. 

The existence of the two different types of boundary conditions (la) 
and (1b) has its mathematical basis in the occurrence of second (spatial) 
derivatives in the general Navier-Stokes equations in contrast to the Euler 
equations, that contain only first order derivatives. In order to single out 
a solution one therefore needs two vectorial boundary conditions in the 
first case and only one such condition in the second case. On the other 
hand, to reconcile physically the contradictory conditions (la) and (1b), 
a fluid layer is inserted between the presumable region of validity of the 
potential flow and the wall. In passing through this layer, the thickness 
of which becomes arbitrarily small with decreasing u, the tangential 
velocity v, drops rapidly to zero. For small but finite u (air, water), the 


20}4rman’s vortex strect is of course also a potential flow; its vorticity is concen- 
trated in the vortex filaments, that is, in the singularities of the potential. Also the 
wave motions in Chap. V were treated as potential flows (see p. 168). 
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layer will still be reasonably thin, provided the overall dimensions of the 
wetted wall and the immersed bodies are large and the flow is sufficiently 
fast. The principal part of the flow lies then outside the layer and behaves 
like the potential flow of a perfect fluid. This idea forms the basis of the 
boundary layer theory first proposed by Prandtl in 1904. 

The actual calculations by Prandtl?’ and his coworkers have the 
character of an approximate theory.” In the calculations which are mostly 
two-dimensional, inside the boundary layer the influence of the small 
velocity differences parallel to the layer on the friction terms is neglected. 
For small » the thickness of the boundary layer is proportional to / LL. 
Expressed in terms of the overall Reynolds number of the flow, R, it is 
proportional to 1/+/R. The pressure gradient normal to the boundary 
layer is neglected on account of its small width, and the pressure inside 
the layer therefore identified with the pressure of the adjacent potential 
flow which impresses, as it were, its own pressure on the whole boundary 
layer beneath. For the flow immediately adjacent to the boundary layer 
Bernoulli’s equation applies, thus we have for a line element ds in the zone 
where the boundary layer passes over into the free stream 


dp dv, 


ds Ps de. 


Note that the fluid begins to flow against the pressure gradient if dv,/ds 
changes sign from plus to minus at some point. 

Further calculation shows that 0°v,/dn’ at n = 0 is negative in the 
region downstream from such a point. If the pressure gradient is large 
enough (dv,/dn),-o can also become negative, which means that the flow 
in the immediate neighborhood of the wall is reversed. This leads to the 
generation of vortices so that downstream from this point the laminar 
flow is replaced by flow processes of a different character. 

The accuracy of this theory is quite high in spite of its approximate 
character, because the Reynolds numbers that occur in practical cases are 
usually large. In a given case the theory serves to decide whether the 
flow will everywhere stick to the rigid boundary and thus essentially re- 
main a potential flow except for the thin boundary layer, or whether 
separation of the flow will occur, and, consequently, formation of eddies. 

For very large v, (corresponding to very large R-values) the assumption 
of a laminar flow within the boundary layer is no longer correct; the flow 


*Verh. des III. Int. Math. Kongresses in Heidelberg, 1904, Leipzig, 1905. Detailed 
representation in Prandtl-Tietjens, Hydro- and Aerodynamics, New York, 1934, 
Vol. If. and in Modern Developments in Fluid Dynamics, ed. 8. Goldstein, Oxford, 1938. 

*The discussion in the text follows a report of Th. v. Karman in Vortrage aus dem 
Gebiet der Hydro- und Aerodynamik (Innsbruck 1922), Berlin 1924, Springer. 
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becomes turbulent even inside the narrow boundary layer. This is of 
importance for the overall flow pattern because the separation point may 
be shifted downstream quite considerably, if the boundary layer becomes 
turbulent. An approximate prediction of the behavior of turbulent bound- 
ary layers based on a semi-empirical theory, has likewise become feasible. 

The flow past a wing is one of the problems which have been solved 
analytically in this sense, that is, by the application of potential flow 
theory. The two-dimensional wing theory, the beginnings of which go back 
to Kutta’ and Joukowski,” represents the flow as a plane potential motion 
with non-vanishing circulation and uses freely the methods of conformal 
mapping. The mathematical form of the three-dimensional wing theory is 
due to Prandtl. Here the flow is represented as a three-dimensional po- 
tential flow with a discontinuity surface, that may be visualized as a two- 
dimensional system of vortex filaments. The theory furnishes not only the 
lift distribution over the span but also the (induced) drag, that is, the 
dynamic equivalent of the kinetic energy that remains in the flow field 
behind the wing. 

A. Betz and his coworkers developed the theory of the finite wing into 
a tool for the aeronautical engineer so that today pressure distributions 
for wings of any plan form (also with deflected ailerons, etc.) can be 
computed. 


*sSitzungsber. Bayer. Akad. 1910 and 1911. 
47, f. Flugtechnik u. Motorluftschiffahrt, 1 (1910). 


CHAPTER VII 


SUPPLEMENTARY NOTES ON SELECTED 
HYDRODYNAMIC PROBLEMS 


34, Lagrange’s Equations of Motion 


Lagrange’s equations’ have been referred to this supplement since they 
cannot compete with Euler’s equations in importance as far as the setting 
up of hydrodynamic problems is concerned. Before we occupy ourselves 
with them, we wish to emphasize that Euler’s equations, rather than 
Lagrange’s, are the ‘unusual’ equations. In ordinary mechanics we 
consider a mass point m, or some well defined part of a mechanical system, 
give it a certain tag q (coordinate) and determine the time rate of change 
of momentum p, corresponding to q, in accordance with the given forces 
and constraints. Now, in the case of Euler’s equations we consider a 
volume element dr and identify 7 rather than the mass element pdr, by 
coordinates; we again determine the change of momentum in accordance 
with the given forces and constraints, but we do this at the space-fixed 
element dr (note that the pressure plays the role of a constraint, cf. 12). 
The mass element that occupies dr at the given instant is lost sight of 
thereafter. 

On the other hand, when setting up Lagrange’s equations we follow 
the usual procedure and ascribe to the mass element dm certain tags 
a, b, c, e.g. its coordinates xo , Yo , 20 at the time t = 0. We ask then for 
the location x, y, z of this element dm at the time t. Thus 2, y, 2 and the 
pressure p are the dependent variables, while a, b, c and the time ¢ are 
the independent variables of Lagrange’s equations. 

No difference has now to be made between local acceleration dv/dt 
and material acceleration dv/dt. The material acceleration which is the 
decisive parameter in the momentum balance, is now directly given by” 


The usual terminology is historically not correct, as it so often happens: ‘‘Lagrange’s 
equation” occurs actually in the papers of Euler quoted on p. 84. 

*This notation seems to be more consistent than the notation d2x/df? used by Kirch- 
hoff and sometimes found in text books. 


244 


[VITI.34] SELECTED HYDRODYNAMIC PROBLEMS 245 


The equations that determine the acceleration vector are: 


dz02 d@U+p 
ot da—s—“‘(<ié‘éi:~SC*«‘éidw 


d'x Ox oe a’y dy 
ot da ' at da 


(1) ap 
and two corresponding equations to be formed with respect to b and ce, 
instead of a. Eq. (1) follows from (11.2) if the component equations of 
(11.2) are multiplied by dx/da, dy/da, dz/da, respectively and added, 
provided the fluid is incompressible (p = const) and the external force 
has a potential U (F = —grad U). Equations (1) are non-linear, but so 
are Euler’s equations; if Lagrange’s equations were linear they would 
indeed present a tremendous advantage. 

The derivative 0/da means of course that b, c and also the fourth 
variable ¢ are to be kept constant; we have e.g. 


aU _ aU dx 


So et 


aU ay , aU ae 
da —s«éOx:-:«O 


dy da «soz «~Oa” 


Note, that (1) contains no other differentiations than with respect to the 
four independent variables a, b, c, ¢ and that they apply only to the four 
dependent variables x, y, z, p (and to the given function U). 

The three equations (1) must be supplemented by the condition of 
incompressibility. Now the ratio of the instantaneous volume dr to the 
initial volume dz, is (as in any point transformation) given by the functional 
determinant (Jacobian) 


a 
0X0 u OYo : 02 
Q dr _ | Sy oy 
) =" dt» iz OXo d OYo i 020 
a ete 
OX u OYo 02 


or, with the usual abbreviation, by 


OT ee OE; 1); 2) 


(2a) dro ws O(Xo » Yo; 20) : 


The 2 , Yo , 20 can be expressed in terms of the tags a, b, c; according to 
the multiplication theorem for determinants the right member of (2) then 
becomes the product of the two functional determinants 


ola, ¥, 2) ala, B, 0) 
Oe Carre 
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The last determinant is evidently independent of the time t. The in- 
variability of (2) in course of time, i.e. the condition of incompressibility, 
can thus be written in the form: 


aD O(z, ¥, 2) 

(3) 0, D= reir : 
It contains only differentiations of the three dependent variables x, y, z 
with respect to the four independent variables a, }, c, t. 
The set (1) and Eq. (3) are Lagrange’s equations for incompressible 
fluids. 

The corresponding relations for compressible fluids are obtained from 
(1), if one replaces 


(3a) - : by (ye ue and ° - by Ve 


where V is the potential per unit of mass of the external force. In addition, 
(3) must be replaced by 


(3b) < (pD) a 


Kirchhoff? used Lagrange’s equations in a rigorous proof of Helm- 
holtz’s theorems on vortex conservation and was therefore able to avoid 
the use of formula (18.8), which we had to use, since our proof starts 
from Euler’s equations. 


35. Stokes’s Resistance Law 


On p. 78 we discussed the very slow (‘‘creeping’’) motion of a viscous 
incompressible fluid as an example for a flow the dynamics of which is 
almost exclusively determined by viscous forces; the next step would be 
neglecting the inertia forces altogether. According to the value of the 
Reynolds number (16.8) 


we decide when omission of the inertia terms is justifiable, the condition 
being 


(1) R<1. 


The problem which interests us here,—it is usually connected with the 
name of Stokes—is the steady motion of a sphere through a liquid. Let 


’Vorlesungen tiber Mechanik, Chap. XIV, 1. 
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a be the radius of the sphere and v its velocity which has become uniform 
after a short initial period. The motion proceeds under the influence of an 
external force such as the difference of gravity and buoyancy, possibly an 
electric field, etc. Condition (1) can not only be satisfied by a large value 
of the kinematic viscosity », but also by sufficiently small values of a or v. 
Instead of moving the sphere through the fluid one may as well keep the 
sphere at rest and have the fluid flow past the sphere (inverse flow); the 
resultant pressure force acting on the sphere is then equal to the resistance 
force encountered by the sphere in the direct flow. 

Stokes resistance law plays an important role in the evaluation of 
certain fundamental experiments in physics. Einstein made use of it in 
his theory of the Brownian motion which leads to a determination of 
Loschmidt’s number (cf. p. 53). Later it has become important again in 
Millikan’s determination of the electronic charge. 

We consider the steady state of the motion. The weight of the sphere 
is then balanced by the resultant friction forces and cannot appear in 
the equations or boundary conditions. Adopting now the viewpoint of 
the inverse motion, we take as a starting point the equilcbrium conditions 
for a viscous fluid (10.8a, b), that is, the Navier-Stokes equations with 
omission of the inertia terms. The body force F of gravity acting on the 
fluid can be disregarded. In other words, we have now a kinematic problem 
defined by a system of equations, which reads in Cartesian coordinates: 


Op _ 2 Op _ 2 Op _ Zaye 
(2) ar nV U, oy =e nV v, 02 am pT Ww; 


it is to be supplemented by the condition of incompressibility 
(2a) —~+—4~=0 


and by the boundary conditions of the problem. Let the origin coincide 
with the center of the sphere, the z-axis pointing in the direction opposite 
to the motion of the sphere (the fluid flows past the sphere in the direction 
of the positive z-axis). From (2) and (2a) we have directly 

(3) oy p— 0: 

We now introduce spherical coordinates r, 3, ¢ referring again to the center 
of the sphere, so that e.g. 


2 
(4) cos & = ae 


The spherically symmetric solution of (3) is, according to (19.22), 


Ao 


(5) , p=. 
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but our problem is not spherically symmetric, the z-axis being the preferred 
direction in which the fluid moves toward the sphere. We consider there- 
fore the expression 


(5a) 1 = A, 


which obviously is also a solution of (3). On carrying out the differentiation 
in (5a) and replacing A, by A, we obtain, because of (4), 


(5b) i | cos 3. 


A much more general solution of (3) is obtained in the form of the series 
(5e) = ) Agena 


the first two terms of which coincide with (5) and (5a) respectively. Eq. 
(5c) represents an expansion in terms of negative powers of r, the co- 
efficients being the spherical harmonics P, (cos 8). Without giving here 
the general definition of spherical harmonics, we note that the factors 1 
and cos @ appearing in (5) and (5a) are spherical harmonics in the usual 
normalization: Py (cos ®) = 1, P,; (cos 3?) = cos, and that the spherical 
harmonics with higher subscripts are polynomials in cos @ of higher order. 
(Legendre’s polynomials). Since in our boundary conditions [(12a, b), see 
below] only the first power of cos & appears, we conclude that in (5c) only 
the term with n = 1 lends itself to our purpose; when we put Ap = A, = 
Az; = -++ = 0, the series (5c) reduces to our trial solution (5b). 

We first have to write equations (2) in their legitimate vectorial form. 
This is done by means of Eq. (3.10a) which supplies, because of div v = 0, 


(6) pw curl curl Vv = —grad p 


instead of (2). It is now easy to pass over to spherical coordinates. We 
denote the components of the velocity vector v taken in direction 7, 3, ¢ by 
v,, Us, Vs, and observe that the ¢-component must vanish because of the 
axial symmetry of the problem; also, all differential quotients with respect 
to y must vanish, in other words, 


a 
(7) Vo a 0, de a 0. 


The r-component of Eq. (6) is, according to the solution of problem 1.3, 
or, according to Appendix III and IV, 


» [ararr,) ee (si a _ op 
(8) 4] er ier” ae: 
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Here we assume the 7 and # dependence of v, in the form 
(8a) rv, = Rcosd, 


where & denotes a function dependent on r alone. Substituting in (8) and 
expressing p according to (5a), we obtain, after dropping the factor cos 0, 
the ordinary differential equation for R 


which may also be written 
(9) . PR" + Ak’ — 2R =—. 


A particular integral of (9) is R = —A/y and the general integral of the 
associated homogeneous equation 


R= Br +S, 


hence the general integral of (9) is according to a well known theorem 


R=—“4Br+S 


2 
tf 


and the velocity component v, is found 
| a ae 4 
(10) v, = ( - +B+ 73) C08 o. 


The component v; may now be found from the condition of incom- 
pressibility (see solution of problem I.3) the form of which suggests a trial 
separation vy = FR, sin’, where again FP, depends on7 alone. One finds easily 


A c 
R, Te —Bo+ ays? 
hence 
eae £) r 
(11) da = (4 B + 2y gin #. 


The constants of integration A, B, C must be determined so as to satisfy 
the boundary conditions of the problem. If g denotes the undisturbed flow 
velocity at infinity, the boundary conditions are 


(12a) Pot va te 0) 


(12b) y=o iy, = g cost, o— —¢ sine. 
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Eq. (12b) is fulfilled if we put B = q; then Eqs. (12a) can be solved for 
A and C and give 


A _ 34¢ meds: 
7 a, C= 9%; 
hence we obtain finally 
3a 1a) 
v, = (1 OF Boy cos 3 
(13) 
a: diate 
vo =o -14 32 + 7%) sind 
and by (5b) 
3 o 
(13a) = — 5a 


The result shows that the choice of the special solution (5b) in place of 
the more general one (5c) was in order. It is true that we have not proved 
that (13) and (13a) are the only possible solutions of our problem. On 
the other hand we are convinced that every problem of mathematical 
physics that has been correctly formulated can have only one solution. 

We have yet to derive the formula for the resistance experienced by 
the moving sphere or, which is the same, for the pressure force acting on 
the sphere at rest; it is composed of the following two parts: the component 
of the hydrodynamic pressure force in the direction of the positive z-axis 
and the contribution of the viscous pressure force in the same direction. 

The hydrodynamic pressure acts radially. According to (13a) its com- 
ponent in the positive z-direction is at the surface of the sphere, that is 
forr =a 


Integration over the sphere whose surface element is 27a’ sin ddd gives 
T aril 

(14) 3muag / cos 3 sin 3 dd = 3muaq | x dx = Qruag. 
0 -1 


To calculate the viscous pressures, we start’ from Eq. (10.2) which corre- 
lates the tensors p,, and €;, and is valid ih any orthogonal coordinate 
system, hence also in our polar coordinates. In the present notation we 
have 


(15) Prr = nee ; Drs = —2Que.s ° 
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The displacements ¢ have been defined in curvilinear coordinates in Eqs. 
(4.26) and (4.28). The rates of displacement é are obtained from these 
equations if the 6g, , 6g. , 5q3 are replaced by the components of the velocity 


0, Us ,U,, - (vy = 0) 


and the p. , Pp: , ps by 7, 3, ¢. Since ds’ = dr’ + r’dd’? + r’ sin’ yo dg’, one 
has g, = 1, g2 = r, gs = r sind. Hence (4.26) yields 


(16) é, =" 
and (4.28) 


(17) 2645 =- 


When we substitute for the velocity components according to (13), only 
the middle term of (17) gives a non-vanishing contribution for r = a, so 
that 


q 


ee ee = $4 aan 


According to (15), the friction pressures are then a 
(18) a= 0, Dro = 2 mt sin v. 


The component of p,»5 in the positive z-direction is 


ps sine = 5 Hf sin? 9 


which must be integrated over the sphere: 


+1 


(19) 3ryag / sin’ 3 dd = 3rpaq (1 — a2’) dx = 4rnagq. 
0 —1 
This together with the contribution (19) gives Stokes’s famous resistance 
formula 
(20) 'D = 6ruag. 


Analogous to the problem of the sphere in uniform translatory motion 
q is the problem of a sphere rotating uniformly, with angular velocity . 
In this case the opposing moment’ (see problem VII.4) is 


(21) M = 8rpa*w. 


4Cf. Kirchhoff, Vorlesungen tiber Mechanik, Chap. X XVI, 3. 
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These results are valid for liquids and gases at ordinary pressures. For 
gases at low pressures one has to add a correction term to Eq. (20) which 
is due to Cunningham. In the corrected formula the right member of (20) 
appears with the denominator 


I 
(22) 1 ee 


where | is the mean free path of the gas molecules, which increases with 
decreasing pressure; the physical interpretation of the numerical coefficient 
a is somewhat problematical.” Cunningham’s correction was of great im- 
portance in the determination of the electronic charge according to Milli- 
kan’s method. 

To introduce the concept of the mean free path means to leave behind 
the framework of a continuum theory and enter the domain of statistical 
mechanics. The continuum theory which has led us to Stokes’ formula is 
only valid on a scale that is large in comparison with 1. In our case, the 
scale is set by the radius a. Cunningham’s correction term is subject to 
the same condition if it is to be considered a correction: this is no longer 
the case if 1 ~ a, as one sees directly from (22), and a comprehensive treat- 
ment of the problem is then no longer feasible. 

Another limitation of our considerations is that they are only good for 
small Reynolds numbers {ef. inequality (1)]. When # increases, the inertia 
terms that have been neglected so far gain in importance; the laminar char- 
acter of the flow, however, is still maintained, disregarding some vortices in 
the wake. The resistance law, which was linear in q for Stokes’s case 
now assumes by and by a quadratic character. Full turbulence is only 
reached at a certain R = R,,;, at which, in addition to the wake, the entire 
flow field in the neighborhood of the sphere becomes turbulent. At this 
point the resistance law changes its character suddenly. 

Let us now have a critical look at the omission of the inertia terms in 


the preceding analysis. According to (5b), we have the following asymptotic 
behavior at ro: 


prs, hence grad p ~ >. 
The terms V’u, Vv, V*w retained in Eq. (2) have the same order of 
magnitude as grad p. The inertia terms which we neglected vanish at 
r—o partly with the third, but partly with a smaller power of 1/r. The 
latter happens in the case of those inertia terms which read in Cartesian 
components u, v, w 


*Th. Sexl, Zur gaskinetischen Begriindung der Stokes-Cunninghamschen Formel, 
Ann. Physik. 81 (1926) 855, 
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; ou Ov ow 
23 ae ped oe 
(23) pw ra pw ae? pw Be, 


When these terms are calculated from (13) they are found to vanish only 
as 1/r’. It is true that the Navier-Stokes equations can be rewritten in 
such a way that the Reynolds number R = qga/v appears in these terms 
(introduce the dimensionless coordinates x/a, etc. and suitably rearrange 
the factors p, ny, and a, ef. 16). But although R is supposed to be small, 
this cannot change the fact that the ratio of the neglected terms (23) to 
the terms retained becomes arbitrarily large if r >. 

On account of this Oseen devised a treatment of the problem that 
retains the terms (23) in principle, but replaces them by their first order 
approximation® 


ou ov ow 
23 Re a 
( a) pq Oz bd pq 02 ? pq 0z - 


The integration of the equations so augmented is by no means simple and 
forms one of the principal parts of Oseen’s book quoted on p. 210. In the 
light of his result our preceding formulas appear as the first term of a 
power series expansion in terms of the Reynolds number R. In particular, 
the resistance law (20) has the form 


(24) W = éruad{ 1 i 8 Ri), 


when the first order term is retained. 

Fortunately the validity of Stokes result which has found such wide 
acceptance in experimental and theoretical physics is not perceptibly 
affected by this correction; this is due to condition (1), the fulfillment of 
which we have assumed throughout our discussion of laminar motion. On 
account of Eq. (24) one can now comprehend why the transition from the 
linear to the quadratic resistance law mentioned before does not proceed 
suddenly but gradually. The onset of full turbulence, however, at R = 
R..i, cannot be understood in this way. 


36. The Hydrodynamic Theory of Lubrication 


Lubrication today is essentially a problem of ‘creeping’ motion. In 
older text books of applied mechanics the friction between journal and 
bearing was treated as a problem of dry friction. The arguments put forth 
had nothing to do with hydrodynamics and are only mentioned here to 
point out the contrast to the later developments. 

°Thus an error is introduced at r = a, where actually w = 0 and not = q, and the 


error for 7 — © is diminished but that should not imply that Oseen’s calculation leaves 
anything to be desired in the way of mathematical rigor, 
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In order to apply the ordinary concepts of friction theory developed 
in Vol. I, 14’ one must assume direct contact between journal and bearing. 
In Fig. 58 the journal pressure P, which is referred to the unit of length 
of the bearing, has been drawn vertically downward. This should not 
imply that it is actually vertical. In general it is composed of the gravity 
load, possible components of the driving force and inertia effects; it will 
therefore be inclined to the vertical. 

At the point of contact B the acting forces are the friction R, which 
is opposite to the sense of rotation, and the normal pressure N. The re- 


Fic. 58 (left). Relative position of journal and bearing according to the assumption 
of dry friction. 
Fie. 59 (right). Fluid friction in the case of the centered journal. 


sultant of the two, Q, forms the angle of friction a with N (a means here 
the kinetic angle of friction, defined by the coefficient of kinetic friction f 
according to f = tan a). The equilibrium condition requires that Q and 
P are antiparallel and equal. The remaining couple QP then represents 
the moment of friction about the centerline of the journal which is balanced 
by an opposite driving moment. If r denotes the radius of the journal and 
r sin a the arm of the couple, we have 


(1) M = Prsina. 


According to this the moment of friction should be independent of the 
circumferential velocity U and proportional to the journal pressure P; the 
point of contact B should be situated behind the vector of the journal 
pressure, in reference to the sense of rotation. 

The Russian engineer and officer N. Petroff was the first to look at 
this problem from the point of view of the viscosity of the lubricant.® In 


See e.g. Synge and Griffith, op. cit., Sec. 3.2. 

8Cf. Petroff, N. Friction in Machines and the Effect of the Lubricant (in Russian), 
Eng. Jour., St. Petersb. 1883, a German translation in Ostwalds Klassiker, No. 218 
(Leipzig). In the same volume also the following papers: Reynolds, On the Theory of 
Lubrication ete., Phil. Trans. Roy. Soc. Vol. 177 pt. I, 1886, or Papers, Cambridge 1901, 
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his conception the journal is exactly centered in the bearing so that the 
surrounding lubricant forms a layer of uniform thickness d (see Fig. 59). 
Throughout this layer the velocity drops from its value U at the journal 
to the value zero at the bearing in an approximately linear way. The 
tangential friction pressure at the bearing is then u»U/d. By summation 
over the circumference one obtains the moment of friction per unit of 
length 


(2) M = 2rp ar, 


This dependence is inverse to that of (1), since we have now proportionality 
with U and independence of P; also, the factor » points to the lubricant 
and not to the materials of journal and bearing like sin @ in (1). 

The equilibrium conditions of statics, however, are not satisfied by 
(2) since the journal pressure P can never be balanced by the friction 
forces. Reynolds came therefore to the conclusion that the actual position 
of the journal in the bearing is not the central one; it could only be central 
for infinitely large circumferential velocity U. In addition Reynolds showed 
that the point of smallest layer thickness h is not behind P but in front 
of it. Unfortunately, Reynolds formulas are difficult to understand, since 
his calculations refer to bearings with only partially encased journals, as 
of railroad cars. 

Fully encased journals with complete peripheral lubrication, the most 
desirable type for high speed electrical machinery, lend themselves to a 
comprehensive analysis, (cf. the third of the papers quoted in the foot- 
note. Only a little later and under the influence of this paper Mitchell 
carried out his construction of the particular type of step bearing that 
has been named after him and has become important for heavy thrust 
bearings in turbines with vertical shafts.) 

The essential point is that the journal is displaced in the direction 
normal to the journal pressure while it runs (see Fig. 60). The foundation 
of the theory of the bearing is obtained by an approximate calculation of 
the flow pattern of the fluid wedge in Fig. 61, where we neglect the y- 
component v of the velocity in comparison with the z-component u; w is 
exactly zero, since the problem is considered as two-dimensional. Ac- 
cording to the fundamental equations of “creeping” motion (35.2) and 
(35.2a) we then have 


Vol. II; Sommerfeld, Zur hydrodyn. Theorie der Schmiermittelreibung, Z. Math. Phys., 
50, 1904. Mitchell, A. G. M. The Lubrication of Plane Surfaces, Z. Math. Phys., 52, 
1905; Sommerfeld, Zur Theorie der Schmiermittelreibung, Z. techn. Phys., 2, 1921.— 
More recent literature e.g. in Hersey, M. D., Theory of Lubrication, New York 1988, 


Wiley. 
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d du 
PS p(x), U = u(y), 7 aoe Vy? 
or 
_1id,, 
Yeas + age es 


this yields because of the boundary condition u = U for y = 0 (journal) 
and u = 0 for y = h (bearing) 


_y7,-¥)_1i® ( a #) 
8) a u(1 t) ide! 
The flux through the cross-section is 
dy ey - 
I i assy 12u dz * 


Although h is variable in Fig. 61, the flux must be the same for all cross- 
sections (condition of incompressibility!). Thus, if ho denotes an assumed 
cross-section at which dp/dx = 0, we have 


h* dp 


(4) ie (h — ho)U. 


From (3) and (4) the friction pressure per unit of area of the boundary 
y = 0 is found 


d Ah — 3h 
(4a) . Pur = B a Zax baa Me > U. 


Now transfer these results from Fig. 61 to Fig. 60, introducing the 


following notations: O, r and O’, 7’ are center and radius of journal and 
bearing, respectively, the excentricity e = distance OO’, d = r’ — ris 


: h 


Fic. 60 (left). The journal is shifted normal to the direction of the journal pressure. 
Fic. 61 (right). Simplified scheme of a lubricant film of variable thickness. 
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the play, A is a variable point at the bearing surface, characterized by 
the angle ¢ whose vertex is at O. We have correspondingly 


OA=r+h,O'A =r, r+h=ecos¢g4+7. 


The last (approximate) equation, obtained by projecting the segments 
OO’ and O’A on the line OA, can be written in the form 


(5) h=d+ecosg. 


This meaning of h is now introduced into Eqs. (4) and (4a) in order to 
adapt’ them to the conditions of Fig. 60: 


Ldp _ e ies is) 
(6) F r dp ae 6uU h? he 5] 
4 38h 
te Pre = — HUF — Fi. 
By integration with respect to ¢ between the limits 0 and 27 one has 
(7) p(2x) — p(0) = 6urU(J2 — hod), 
(7a) M = —pr UAT; xe ONod 2). 


As before, M stands for the friction moment transferred to the journal 
per unit of length; the J’s serve as abbreviations for 


20 
= dy = 2 2) —1/2 
Fim | ee com, ia 


(8) j=] 
|) aS (« Ce 
| Cea 4 ys (d a) : 


If the value given for the integral J, is known, the values of J, and J; 
can be found according to 


Grae me 


_ Sees 
a ‘Tie eo 
Since p must have the period 27, one concludes from (7) and (8) 
7 Je _ ede — e 
(9) los J, dt +he 


%It would not have been difficult to derive these equations directly in polar coordi- 
nates instead of in coordinates x, y, z as we did it, 
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With this value of h, the moment becomes 


Qrur?U od’ + Qe’ 
/F —et re 


(10) M=- 


Putting in analogy to (5) 


(11) h = d+ ecosg, 
one obtains from (9) 

3 de 
(11a) COS Go = — 5 que. . 


If e = 0 (centered position of the bearing), we have 


T om 
COS go = O, = 5 or 93 


on the other hand, we obtain in the case of the largest possible excentricity 
e=d 
COS g = —l, Yo = 7. 


Now, the definition of h, according to (6) has been 


La fork sage 
dy 


therefore the two values g, belonging to hy determine the points of minimum 
and maximum pressure. In the centered position these points are dia- 
metrically opposite to each other. At maximum excentricity, that is to say, 
if contact is made between journal and bearing, they coincide at the point 
of contact. 


Fie. 62, Equilibrium between the hydrodynamic pres- 
sures p, g, and the bearing pressure P. 


Our next task is to relate the pressure distribution to the direction of 
the vector of the journal pressure. 

We notice that the pressure gradient dp/dy depends only on h [see (6)], 
and is therefore an even function of ¢, as h is itself, when we count ¢ from 
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the zero line OO’. The pressure itself is consequently an odd function of ¢, 
say p, , plus an integration constant, say p) . In forming the sum total of 
the pressure forces, the contribution of the constant pressures py obviously 
vanishes. Denoting by ps and pq the pressure values p, at two symmetri- 
cally situated points relative to ¢ = 0, we find the resultant action on the 
journal indicated in the larger of the two force parallelograms in Fig. 62: 
it is normal to OO’. 

Applying the same reasoning to Eq. (6a), we see that the friction 
pressures (shear stresses) at the journal surface are even functions of 9g; 
they are indicated by qa , qi in the figure (note, however, their tangential 
direction opposite to the sense of increasing ¢). By construction of the 
corresponding parallelogram of forces at O we see that the friction pressures 
at A and A’ give also a resultant normal to OO’. Thus the overall resultant 
of the hydrodynamic forces acting on the journal is normal to OO’. Since 
this resultant balances the journal pressure P, it must be opposite to P, 
in other words, the displacement of the journal is normal to the journal 
pressure P, a result anticipated in Fig. 60. 

The value of the displacement e can now be determined. One has only 
to form the sum of the resultants of p and q and balance it against the 
prescribed value of P: 


(12) T= | psinede — | q cose dy. 


The first term can be transformed by partial integration; one of the two 
resulting terms, [—p cos ¢]5”, vanishes because of the periodicity. Alto- 
gether (12) becomes 


(12a) = (we = ) cos ¢ dg. 


dp 


Here the term g may be omitted since dp/dg outweighs g = p,, by a full 
order of magnitude of r/h [cf. Eqs. (6) and (6a)]. Hence we obtain the 
simpler relation 


r 


(12b) - Sein hy 
where 
Se |) ER Ee | ee 
4 J @et+ eeom)*’ ? (d +e cos)’ 
From (8) we find easily 
1 
i : Wi-dd), Js= Fad). 
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If this is substituted in (12b) and the value of h, taken from (9), an ele- 
mentary calculation gives the result 


| a 3e d’ 
QruU Vi —@ a +ie- 


(13) 


The excentricity e or rather the ratio e/d is here determined as a function 
of the left member of (13). This value of e, substituted in (10), leads to 
the determination of the moment M. In what follows we are only in- 
terested in the magnitude and not in the sign of the moment. Note, that 
a particularly simple expression for M is obtained, if (10) is divided by (13): 
M € +2 
(13a) a 30. 
In discussing this result, we first consider two limiting cases: 

a) U —o, From (13) we have e = 0, that is, the journal is centered; 
Eq. (10) yields immediately 


(14) M = 2Qrur’ 


which is Petroff’s equation. 

b) U — 0. In this ease, (13) requires e = d, that is, contact between 
journal and bearing. Eq. (18a) gives accordingly M = Pd which we may 
also write in the form 


(15) M =P. 2. 


This becomes identical with our formula (1) for dry friction if we define 
the angle of friction in the present case by sin a = d/r. 

c) We are also interested in the case where M is a minimum for given 
journal pressure P and given play d. When the differential quotient of 
the right member of (13a) with respect to e is set equal to zero, one obtains 


With this value of e Eq. (18a) gives for the moment of friction 


(16) ee aie 


d = 0.94 Pd. 
that is, only 6% less than the limit of M for U — 0, which has been de- 
termined in (15). 

These results are collected in the diagram of Fig. 63. Here the dimen- 
sionless quantity y = M/Pd has been plotted as ordinate over the abscissa 
z, which is the reciprocal of the left side of (13), viz. 
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2 2:10 
(17) “— mo 


The solid curve represents the content of the two Eqs. (10) and (13), 
that is to say, the result of the elimination of the displacement e. It is 
best computed from the following parametric representation which is 
identical with (18a) and (18) or (10) and (13): 


2 es 1 Q? 
ae eee ga af Sp se : 
In the same figure formulas (1) and (2) have been plotted as broken lines; 
in the present variables they simply read y = 1 and y = z, the tangents 


if , 


Fic. 63. Comparison between theory 
and experiment in terms of the dimension- 
less variables y = M/Pd and z = 
QarpUr?/Pa?. 


Zz 


of the solid curve at z = 0 and z =~. The fact that our curve depends 
solely on the dimensionless quantity z expresses a similarity law which is 
valid in the hydrodynamic theory of lubrication: No matter what particular 
values of the dimensions 7 and d, the lubricant yw, the speed U, and the 
load P combine to give a certain z, it will always lead to the same 8 = e/d 
and thus to the same value y = M/Pd by (18). 

When we now ask how well this theoretical result is confirmed by 
measurements on actual bearings, the answer is this: in the neighborhood 
of the minimum and to the right of it for not too large z-values we have 
not only qualitative but numerical agreement between theoretical and 
experimental values. One would then conclude that in this range the phe- 
nomenon of lubrication is determined entirely by the coefficient of viscosity 
u, and that the laminar character of the motion, which we have assumed 
throughout this analysis, actually occurs. But for large and for very small 
z-values deviations from the theoretical curve occur, as indicated by the 


This expression is sometimes called the Sommerfeld variable in lubrication 
literature, 
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dotted branches in the figure. Since in these regions the similarity law is 
no longer valid, the proper representation should consist of a family of 
curves y vs. z depending on the variation of one of the parameters P, U etc. 

The empirical curve does not rise nearly so steeply for large z-values 
as the theoretical curve, which has been interpreted to indicate that the 
motion of the lubricant is no longer laminar but turbulent. 

For very small z-values the actual rise is very much steeper than it 
should be according to our theory. Here, qualities of the lubricant other 
than its viscosity become prevalent; they have been given the name of 
otliness and refer to the adhesion of the lubricant to the metallic boundaries 
of the bearing. It is highly probable that the strength of adhesion be 
connected with the formation of monomolecular layers as studied by Lang- 
muir, which originate in the parallel orientation of the chain molecules 
along the surface of the oil. However, a discussion of the physical problems 
of “boundary lubrication’”’ would lead us far beyond the limits of classical 
hydrodynamics. 

So far we have treated our problem as two-dimensional, assuming an 
infinitely long bearing. Introducing a finite bearing length means to impose 
new boundary conditions on pressure and velocity. For the designer the 
practical problem arises to regulate the inflow of the lubricant and its 
outflow at the ends of the bearing in such a way that the free bearing space 
is filled by the lubricant all along the bearing. There is also the difficulty 
of negative pressures. The variable part of p, denoted by p, , is an odd 
function of the angle ¢, as we have seen. While p, rises in the narrowing 
sector between the journal and bearing wall, it must drop again to negative 
values when the point of proximity is passed. There is thus the danger 
that the layer breaks in the region of minimum p, , unless the constant 
part of p, of the total pressure p is large enough to make p = p) + 7, 
everywhere positive. The quantity p) which depends on the inflow and 
outflow conditions of the lubricant is in our theory an arbitrary parameter; 
its proper choice is left to the skill of the designer. 

One cannot expect an idealizing theory to do better than to establish 
general rules in an eminently practical problem like ours. Yet these rules 
may be quite important for the practical design as is born out by the 
success of Mitchell’s segmental bearings. 


37. Riemann’s Shock Waves. General Integration of Euler’s Equa- 
tions for a Compressible Fluid in One-dimensional Flow 


We have so far successfully avoided dealing with the quadratic terms 
in the equations of hydrodynamics assuming either infinitesimal amplitudes 
(wave motion) or “creeping” flow, in which case those terms were dropped 
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as part of the effect of inertia. In the present article, however, we shall 
finally attack the quadratic terms directly. Riemann" was the first to 
brave the challenge of this problem. Hugoniot, Hadamard and many 
others followed in his steps. 

Riemann’s method consists in transforming the non-linear hydro- 
dynamic equations by an interchange of the dependent and independent 
variables; this leads to linear equations in the case of one-dimensional 
states. Riemann then shows how to integrate the resulting linear differ- 
ential equations, and his method has become the model for the general 
integration problem of linear partial differential equations of second order 
of the corresponding (hyperbolic) type. This will be taken up in Vol. VI. 

We first present a preliminary review of the results of Riemann’s in- 
vestigation: two waves proceed in opposite directions from each point of 
the initial disturbance in a similar way as in d’Alembert’s solution of the 
corresponding problem for infinitesimal amplitudes (see Fig. 16, 13). Let 
the pressure be given as function of the density, p = ¢(p), for example 
in the polytropic form of (7.1); then we have according to Riemann:” 
“The velocity of propagation of both waves relative to the gas is +/¢’(p), 
but in space it is increased by the velocity of the gas flow measured in 
the direction of the propagation of the wave. If it is supposed that ¢’(p) 
does not decrease with increasing p, an assumption that holds in reality, 
stronger compressions must advance with larger velocities; it follows that 
the waves of compression will diminish in breadth and must finally become 
compression shocks’’. 

So much for an introduction. We start now with the transition from 
the non-linear to the linear equations. Disregarding gravity or other ex- 
ternal forces we choose the z-axis parallel to the direction of motion. If 
differentiations are indicated by the usual subscript notation the original 
hydrodynamic equations for a one-dimensional gas read: 


(1) . Pt a UP or pur = 0, 


if 
(2) Us Ba ae 2); 
In (2) p, can be expressed by p, since according to the assumption p = ¢(p) 
82 pees dp ae ? 
(3) Dz = € Pz ; ena © \P) 


As in (13.5) c is again the sownd velocity; in the case of infinitesimal ampli- 
tude c could be considered as a constant, but now c is a function of p. 
nUber die Fortpflanzung ebener Luftwellen von endlicher Schwingungsweite. Abh. 


d. Gott. Ges. d. Wiss. 1860. Also Ges. Werke, p. 156. 
2From Riemann’s abstract of his paper in Géttinger Nachr. 1859, No. 19. 
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Eq. (2) can be rewritten by the use of (3): 
2 


(4) ty + tle + = pe = 0. . 


Eqs. (1) and (4) are linear and homogeneous in the differentials of the 
independent variables x and ¢, while these variables themselves do not 
occur in the equations. On the other hand, the quantities p and u and 
their differentials occur in non-linear form. We therefore introduce with 
Riemann the pair z, ¢ as dependent and the pair p, uw as independent 
variables by putting 


t= x(p, u), = t(p, 7) 
dx = x, dp + x, du, dt = t, dp + t, du. 


If these expressions for dx and dt are introduced in the differentials 
du = u, dx + u, dt and dp = p, dz + p, di, 
the following identities result: 


(5) du = (ux, + utp) dp + (ux, + ust.) du 


(6) dp = (p32, ata Prt) dp ae (pats + Pity) du. 
Since dp and du are now independent we conclude from (5) 


Uzv, + Ut, = 0 
(7) ; or | i 
Uzxt, + Ut, = 1 


where we assume that the functional determinant 


ponte 
(7a) Me 


Gente 
does not vanish. In the same way we conclude from (6) 


PrXp = Pil =1 ; 
(8) or pp = — 
Pz%y, + Pel, — 0 


Eqs. (7) and (8) represent the formulas for:u, , wu, , pz: , P: , to be used in 
transforming (1) and (4). Substituting in (1) and (4), we obtain the system 


bls 
‘Se 
I 

|S 


(9) Lu — Ui ot ee 2; ee = Ge 
p 
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The second equation can be transformed as follows: 
=o 1d a aV 
p du —-« Op Ou’ 


Cs) 
re C= 


where we have introduced a new dependent variable V = V(p, u). The 
variables x and ¢ are connected with V in the following way (c depends only 
on p): 


(10) oe ul =a. t= —5 ae 


so that the second equation (9) is identically fulfilled. The new variable V 
is now introduced ** in the first equation (9); this gives 


j 2 
(11) Vu 2(49,) =0, 


which is a linear partial differential equation of second order for the single 
unknown V. 

This equation is simplified if we introduce instead of p the new inde- 
pendent variable 


$ d. 


Writing at the same time 7 instead of u, we have the following relations: 


8 (er )=22(¢ .) = dp 
2(&y, 9 OE V Vet = ee = Vet Vee 


We now assume the polytropic 7, p-relation as in (7.1), such that 
a n— Cc aes n—? 
p = ap”, ap _ c? = nap ; A a/na p' 8)/2 


The relation between é and p and the expression d(p/c)/dp is then 


_ 2V na nv dp 3-n1 


and our differential equation (11) reads in the new variables 
k 
(13) Ve Vee E re 0, 


BF yom the first and second equation (10) one has respectively t, — uty — t = Vuu 
and pt, +t = —0/dp(p*V,/c). 
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where for brevity we have put 


Pe lo. 
(14) i eae 

In the case k = 0, Eq. (13) reduces to the equation of the vibrating 
string, and we have d’Alembert’s solution (13.11) 


(15) V=Vo = F(E+ 0) + GE — 0), 


where F and G are arbitrary functions that have only to meet certain con- 
tinuity conditions. More generally, we have the following lemma due to 
Bechert:* If W is a solution of the equation 


(16) Wee — Wa te We = 0 
then 
10W 
it Vee= 
ee) E aE 
is a solution of the equation 
(16b) Ve ~ Vat ve 


This can be shown simply by differentiating (16) partially with respect to 
£ and putting W; = éV according to (16a). One obtains then 


a” a” 
ag &Y) = an? EY) + lV; =0 


which becomes identical with (16b) on carrying out the differentiations 
and dropping the factor é. 

Since the general solution (15) of Eq. (13) is known in the case k = 0, 
we have the general solution in the cases k = 2, 4, 6 --- in the following form: 


a7) Vv, = 22Ve 1a1aV. y _1481010V, 


~£ Ob? * See Sore ~ £ OEE OEE OE’ 


These elementary integrable cases may be written comprehensively by 


setting k in (14) equal to an arbitrary even integer 2h. The polytropic 
exponent (in the sense of p. 49) associated with h is found from (14) as 


(18) je 4. ae 


“K. Bechert, Zur Theorie ebener Stérungen in reibungsfreien Gasen. Ann. d. 
Phys. 37 (1940) 89; 38 (1940) 1. 
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It is this rational form of x which makes Bechert’s result so interesting 
since it discloses a surprising thermodynamic side view. 
For an adiabatic change of state of a gas we have according to p. 50 


(18a) ae, 


where f is the number of degrees of freedom of the molecule. For diatomic 
gases (e.g. for air) f equals 5, as already mentioned on p. 50. For mona- 
tomic gases f equals 3. In this case there are only the three degrees of 
freedom of translation since those of rotation cannot be excited. In present 
day physics this follows directly from a quantum-theoretical argument, 
while Boltzmann had still to make the rather artificial assumption that 
the monatomic molecules were spheres and the diatomic molecules were 
ellipsoids of revolution, in order to understand the cases f = 3 andf = 5. 
In these two cases there is 


h 


i! for monatomic gases 
f=2+1 


ia. 2 for diatomic gases 


Thus it turns out that just the physically most interesting cases are dis- 
tinguished in that they can be integrated’ by the elementary expressions 
Vz and V, of Eq. (17). 

It is difficult not to be impressed by what appears to be a “pre-es- 
tablished harmony” between mathematics and physics. An idea suggests 
itself that the performance of mathematics is adapted in some miraculous 
way to the exigencies of physics. Yet, the scope of the miracle is rather a 
limited one: For molecules consisting of three and more atoms such as 
H,O or NH, the number f = 6: three translatory degrees of freedom plus 
three of rotation. These gases do not belong to the integrable cases in this 
sense. On the other hand, the case f = 1, k = 0, which is the simplest 
integrable case, is not realized in nature; one would have to imagine a 
strictly ‘‘one-dimensional gas” whose atoms can only move in one direction 
and cannot rotate. 

It would be a mistake to think that the integration becomes impossible 
unless 7 is one of the rational numbers defined in (18). To show this we’® 
write the sequence of equations in (17) once more in general form: 


a — 

(19) Va = (2) Vo with oo te woe 
og 

Mr. Bechert kindly informed me that this peculiar behavior of the cases (18) had 

been noticed before by A. E. H. Love and F. B. Pidduck. Cf. Trans. R. Soc. London 222, 


167 (1922). 
16Similarly as in Bechert’s second paper quoted on p. 266. 
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According to a well known extension of Cauchy’s integral formula in the 
theory of complex functions it is possible to express the h-fold differential 
quotient in (19) by a complex integral: 


<1 (=) f Voln/ 2a 


(20) Va = Ori Al Re his 


Here h is supposed to be an integer number, and integration refers to a 
closed path in the w-plane, surrounding the point w = ¢. The argument 
of V, as it is written in (20) indicates that the original dependence on é 
is to be replaced by that on +/2w while the dependence oh 7 remains 
unchanged. However, in the representation (20) the fact that h is an 
integer is unessential. One may replace 2h by the arbitrary quantity k the 
specialization of which led us to 2h, if one replaces at the same time 


exp (2 k) 

=e 2 

nti by £41, SP by aa 
| r(§ + 1) 


In this way one has instead of (20)*” 
exp & t) a 
1 2 Vol /2w, n) dw. 


(21) Vv — Oni r(! EF : (w — joa 


2 


Evidently (21) satisfies the differential equation in the same way as (20); 
it represents the general solution since it contains two arbitrary functions 
F and G in the expression for V, under the integral sign. Our statement 
that just the physically interesting cases of the monatomic and diatomic 
gases are integrable, should now be put more precisely: they are distin- 
guished from the other cases by the elementary form of their general 
integral. 

We have limited this discussion to Riemann’s case of one spatial co- 
ordinate. The generalization to two or three variables’* presents great 
difficulties. The differential equation which is the analogue of (13) in the 
general case has so far resisted all attempts at a general solution. 


“The sign §£ does not mean here a single loop about the point w = ¢, since this 
would not be a closed path because of the branch points of (w — ¢)“/2)+1 at ¢ and at 
infinity; the path must now be a double loop about w = ¢ and w =. Such paths 
occur in theory of functions at various occasions. 

8K. Bechert, Ann. Phys. 39 (1941) 169 and 357, 40 (1941) 207. In the first of these 
papers a class of cylindrical and spherical waves is treated, in the second friction and 
heat conduction is taken into account. 
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In the foregoing we have only dealt with the formal side of the 
problem. Although this presents enough interest, it is now time to turn to 
the physical aspect of the motion as it was described above in Riemann’s 
summary. For this purpose we do not need the integral V in its com- 
pleteness, but go back to the definition of the variables & and 7 [see Eq. 
(12) and after]. We put with Riemann 


(22) 
s= 56-0 = ([ Sd —u) 


and note that the assumption of a polytropic p, p-relation is immaterial 
for what follows. The quantities r and s represent in our particular case 
the characteristics of the differential equation (13) and play a decisive part 
in the general theory of differential equations of this type. (For further 
details see Vol. VI). 

From (22) we calculate the derivatives 


-1(¢ ) =1(¢ 
Oa) To 9 ARES T= 9 p Pet Us 
(differentiations with respect to the original variables « and ¢ are again 
represented by subscripts.) A glance at the expression 


(244) =r.4+u+ or. = os ‘6 SW eels ae ra + zi (u + om} 


shows that the right member vanishes because of the equations of motion 
(1) and (4). If we compute in the same way s, and s, from (22) and form 
the expression s, + (wu — c)s, we find again the right member zero as 
before. Both results may be indicated in the following way: 


(25) ie weg 2 {rh =0 


If we form the total differentials dr and ds with respect to x and ¢ and 
express the partial derivatives r, and s, by r, and s, respectively according 
to (25), we obtain 


dr = r,dx — (ut+e)r, dt and ds = s, dx — (u — c)s, dt. 


These are differential identities between the original independent variables 
x and ¢t and the variables r and s, which are valid if u and p (of which c is 
a known function) fulfill the differential equations (1) and (4). Consider 
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now the point x varying in course of time. The total derivatives of r and 
s with respect to t, if a = x(t), are 


dr _ (de _ -c) | = ) 
(26) at \ay ee ay aE u+cl]s, . 
These relations can be interpreted as follows: at a point (not a particle) that 
travels in such a way that 


(27) either = +c or a ey 


the quantities r or s keep their values. In other words, a certain value 
of r respectively s travels with the variable velocity u + c respectively 
u — c. As long as | u| < c, the first moves in the positive the second in 
the negative x-direction. 

As an example take the case of an initial pressure disturbance re- 
stricted to a short interval of the z-axis. Compression waves issue in both 
directions from the interval if we assume an initial disturbance in the form 
of a pressure increase. However, the two wave profiles do not preserve 
their shape as in Fig. 16; the wave front becomes steeper since larger 
densities travel faster according to (27). Hence it is understood that the 
compression waves finally become compression shocks. At this point our 
calculation which disregards friction and heat conduction, ceases to be 
valid. The extensions of the theory that are necessary in the case of 
shocks have been investigated by Hugoniot and Hadamard.” 


jw 
Wt>0 YW te0 


Fic. 64. The waves caused by an initial disturbance progress in both directions and 
are deformed in this process. The notations V and W of the figure have the same meaning 
as the parameters of the characteristics, r and s, as functions of x and ¢. In comparing 
Figs. 64 and 16, note that the central curve in the present figure represents the dis- 
turbances V and W individually, while the corresponding sum is represented in Fig. 16. 


This may suffice for an exposition of Riemann’s results which we 
quoted on p. 263. Fig. 64 has been taken from Bechert’s first paper quoted 


Cf. the comprehensive representation by G. Zemplén in Enc. d. Math. Wiss. 


Vol. IV.3, Art. 19, which is to be supplemented by a more recent paper of R. Becker, 
Z. Phys. 8 (1922) 321. 
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on p. 266. It refers to the simplest case of a strictly “one-dimensional” 
gas (see p. 267) which shows, as Bechert points out, the characteristic 
traits of wave propagation in spite of the extreme idealization. 


38. On Turbulence 


With the present report which is divided in a number of sections we 
enter the most difficult part of hydrodynamics. Under (A) we have col- 
lected a series of half empirical, half theoretical statements about the prop- 
erties of turbulent flow. Inasmuch as they are of a theoretical nature, they 
are based on the Stokes-Navier equations and the diffusion of momentum 
which these equations can be considered to express (see p. 76). 

Under (B) we approach the fundamental question whether it is at all 
possible to explain the observed facts on the basis of the Navier-Stokes 
equations. In particular, one asks whether these equations give account 
of the instability of the laminar motion that sets in at a certain Reynolds 
number. Earlier attempts to settle this question by the method of small 
oscillations failed; it had been impossible to find a critical limit, and the 
laminar motion appeared to be stable at any value of R. The method of 
small oscillations had been applied to the fully developed laminar flow, 
that is to the Hagen-Poiseuille flow and to the Couette flow with the 
aim of investigating the stability of a flow in a pipe and between plates, 
respectively. 

Considering these negative results, such experts in the field of turbu- 
lence as Th. v. K4rm4n and Sir Geoffrey Taylor have occasionally in their 
papers favored the idea that turbulence like gas theory can only be under- 
stood by statistical methods. The underlying physical fact is that a fluid 
is a system of very many (in principle infinitely many) degrees of freedom, 
all of which come into play at large Reynolds numbers. The motion be- 
comes then so complicated that one can expect simple answers only to 
those questions that concern the average behavior of the moving particles. 
This is especially true for the limiting case of the so-called isotropic 
turbulence; some preliminary remarks according to hitherto unpublished 
work of C. F. v. Weizsicker and W. Heisenberg will be made on this topic 
under (D) where we are concerned with what one may call fully developed 
turbulent equilibrium. 

Previous to that we shall briefly discuss under (C) investigations of 
the process of generation of laminar flow in its relation to turbulence: the 
processes at the inlet in pipe flow experiments and the formation of 
Prandtl’s boundary layer when the plate is set in motion. This was Prandtl’s 
own view of the problem, and was soon taken up successfully by Tollmien, 
Tietjens, Gortler, and Schlichting, all of whom belong to Prandtl’s school. 
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In these investigations the method of small oscillations is not applied to 
the velocity profile of the developed laminar flow, but to the intermediate 
profiles that occur while the laminar flow comes into existence. The sig- 
nificance of the velocity profile for the stability of the flow had been 
anticipated in much older investigations of Lord Rayleigh which, however, 
dealt only with inviscid fluids. The more recent investigations of Prandtl’s 
eroup start from the complete Navier-Stokes equations (i.e. in their 
abbreviated form for small oscillations) and actually result in stability 
limits, which, to be sure, do not refer to the final laminar motion but to 
the way of its generation. 

Under (E) we shall bring a mathematical example of a system of 
differential equations that lead to phenomena similar to those of turbulence 
in fluids. It is a non-linear system that resembles the Navier-Stokes equa- 
tions in structure, but is much simpler than those. This example, which 
is due to I. M. Burgers, may strengthen our belief that turbulence does 
belong to classical hydrodynamics, although to a part of it that presents 
great difficulties to the mathematical attack. 


A. Some Properties of Turbulent Flow 


Empirical data on the turbulent state in pipes and channels are very 
extensive, having been compiled by hydraulic engineers over a long time. 
In organizing this material two principles have to be observed: The flow 
must be| referred to equal Reynolds numbers and the wall roughness must 
be taken into account. As to the second requirement we shall restrict 
ourselves to smooth walls so that we do not have to digress too far into 
technological details. “Smooth” is, of course, meant in the sense of the 
limit: wall roughness —0. Under these conditions one obtains the general 
result: In the fully developed turbulent state the velocity distribution in pipes 
with geometrically samilar cross-sections is similar, or, the ratio of the 
velocity at a certain point to the velocity average over the entire cross- 
section is independent of the Reynolds number. 

Fig. 65 shows this velocity distribution for a circular cross-section in 


: Fic. 65. The velocity profile in a circular pipe 
al for the turbulent and laminar states of flow 
—— (solid and dotted lines respectively). 


comparison with that of the Hagen-Poiseuille flow. In the latter case we 
had a parabolic velocity profile; the velocity at the center being equal to 
twice the average velocity. In the turbulent case the velocity at the axis 
of the tube is only a little larger than the average velocity, which has 
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been assumed the same for both cases in the diagram. Only in the proximity 
of the wall the velocity drops quickly to zero; a narrow wall zone develops 
in this region, where the flow is more or less laminar, and the viscosity the 
important quantity. 

The term velocity as it is used here with reference to the turbulent 
state is to be understood in the sense of the time average of the velocity. 
The individual particle velocity at a given point is by no means constant 
in time. The spectrum of its temporal and spatial variability covers a wide 
range; it has been possible to obtain more detailed information about it 
in a characteristic limiting case [see section (D)]. We denote the time 
average of the velocity by U, a velocity in the direction of the axis of the 
pipe (x-axis); the additional components of the individual velocities are 
denoted by wu, v, w. Likewise, P stands for the time average of the pressure 
and p is the individual instantaneous pressure difference relative to P. 

In addition to the law of turbulent velocity distribution we have the 
law of the turbulent pressure drop. In the laminar case the pressure gradient 
was proportional to the velocity, in our case it is proportional to the 
square or in better approximation to the 7/4‘ power of the velocity 
(Blasius Law, see p. 120). When this law is expressed according to (16.11) 
and (16.13) by means of the similarity invariants R and S, it reads 


2 
o = a S, S = Nie 
where a is the radius of the pipe and \ a numerical coefficient. Written in 
our present notation, it takes the form 


_ 4 _ ApU" ps = Ap (2) um 
(1) ) dx a a ; 
This equation shows that the coefficient of viscosity is no longer of de- 
cisive importance for the state of the flow; its influence expresses itself by 
the factor v'’* and is rather weak. Another kind of energy loss prevails 
which is connected with inertia effects and becomes evident in the factor 
p, or rather p*”* if the dependence of the kinematic viscosity v on p is also 
considered. 

Prandtl and K4rm4n were able to deduce the velocity distribution in 
the wall zone from (1), using certain additional assumptions. Consider a 
fluid element of thickness dz extending over the pipe cross-section: The 
difference of the average pressures P acting on the two faces of the element 
must be balanced by the shear forces acting between fluid and pipe wall. 
Thus we have 

285 dx xa? = 1, dx 2a, 


dx 
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or, according to (1), 
1/4 
(2) ee ee 


Let now y = a — r be the distance between a point inside the wall zone 
and the wall. According to Prandtl and Karman there is only one way to 
construct a dimensionally correct and physically -meaningful expression 
that approximates” the shear stress 7 at the point y, viz. 


y 1/4 
(2a) 7 = const (2) wee 


From (2a) one obtains directly 


(3) U = const Oye 


p 


Hence the velocity inside the wall zone increases from zero at the wall 
with the 1/7" power of the distance from the wall. This agrees well with 
experimental results. Karman was also able to develop from the same 
assumptions a formula for the heat conduction in the wall zone, which is 
in good agreement with the observations. 

We shall now discuss the original approach to the turbulence problem 
made by Reynolds” and, in connection with his work, by H. A. Lorentz.” 
We restrict ourselves to a steady main flow along the z-direction with a 
pressure gradient —dP/dx on which a non-steady quasiperiodic addi- 
tional motion is superimposed. Let the state be two-dimensional, i.e. de- 
pending only on x and y. The main flow depends then only on y, the turbu- 
lent additional motion has the components u and v that depend on ¢, x 
and y. We shall consider the time averages of the total velocity v and of 
the total pressure Q, that is of the quantities 


(4) v= O+4, Vy = 2, Q=P+p 
for which we stipulate 


(5) d, = U,d, = 0, Q = P, hencet% = 0,5 = 0, p = O. 


Note that (2a) does not give (2) for y = 0, but becomes infinite. According to 
Karman (Z, angew. Mathem. u. Mech. 1, 1921, p.’ 233) the reason is that (2a) is only 
asymptotically valid (i.e., for infinitely large Reynolds numbers). 

*1In the paper quoted in footnote 18 on p. 114. 

”Akad, Amsterdam, Zittingsverlag, 6. p. 28, 1897 and Ges. Abhandlungen, Teubner 
1907, p. 43. 
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This implies 


v0, = U? + 2Uu4- wm = U? + WH 


(5a) vy, = Uv + w = w 
and 
0 a= te) CZ 
b ae 2 Ss 
(5b) Gg = ag ty By Pate = 9. 


Furthermore, in a quasiperiodic motion the averages of the time de- 
rivatives such as 0u/dt vanish: 


(5c) a 0: 
and because of (4) and (5) 
G¢ ay Fu=0, Vo=0, B=0. 


Ox 


We now write the equation of motion in the abbreviated vectorial form 
(16.1) and set F = 0: 


OV 


(6) p=, + o(v grad)y = — grad Q + uV'v. 
As a consequence of the condition div v = 0 we have the identity 
ae ae 
Vs On + Ub; ay an ata ay oo 


which permits us to write the z-component of (6) in the form 


oe, , & OW 2 
(6a) Prag + P ag tte bP ate = pp aN Ue 
Forming the time average of this equation we obtain with the use of (4), 
(5), and (5a, b, ¢, d) 

CS aes 

(7) 3 Pu ay PH = — oe + pV U.~ 
The quantities on the left side are gradients of friction pressures which 
appear here alongside with the gradient of the normal pressure P. To be 
in accordance with our system of notations (10.4) these quantities ought 
to be denoted as follows: 


0 6] 
(7a) an Pz - oy ey where Dus 


i 
E 
QP 

| 
E 
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Now it should be remembered that the term 1 V’U to the right is also due 
to friction pressures; this was pointed out in Eqs. (10.6)-(10.8b). But 
the previous p;, originate in the molecular disorder of fluid particles on a 
microscopic scale, while the present p., , P., , in (7a) are caused by the 
molar disorder of fluid domains of macroscopic size engaged in turbulent 
motion. In either case the physical origin of the friction pressures is the 
transfer of momentum. Take as an example the molar friction pressure pz, : 
momentum is transferred from the motion in x-direction to the side motion 
v, a process that cannot remain without influence on the momentum balance 
of the main flow U. In this sense we should interpret the appearance of 
the terms (7a) on the left side of Eq. (7) of the main flow. But the average 
pressures (7a) do not lend themselves to the ordinary methods of differ- 
ential analysis; this is the reason why in this approach to the turbulence 
problem recourse is taken to statistical methods. 

Of the two friction pressures p,, and p,, the first is the important one, 
hence we shall indicate the contribution of the second only by --: . Let 
us also adopt in what follows the usual terminology in this branch of 
hydrodynamics and speak of frictional shear stress rather than of frictional 
pressure; we write accordingly 


(8) T= Oxy = ~Dry = — pu 
Instead of Eq. (7) we have then 
OP _ wy 4 OT 


For V’U we may also write d’U/dy’ since U is a function of y alone. 
Eq. (9) is the determinative equation of the main flow. 

We obtain the equation of the x-component of the turbulent additional 
motion by introducing (4) into (6) and by subsequent reduction with the 
help of (9) and (5d): 

du ou aU Lid Or 2 
(10) a Uae ee 2 (242) pb oy ve 
Here the sign --- covers also the terms of second order in u and v. There 
is a corresponding equation for the y-component v of the turbulent motion 
and a second equation (9) for dP /dy. 

Quantitative information about the character of the turbulence can 
hardly be expected from these very invalved equations. We have men- 
tioned them here mainly for the purpose of later reference in section (E) 
and to point out the significance of the molar friction stress r. The latter 
concept leads to the idea of a length 1 characteristic for the turbulence, 
viz. the mixing length, introduced by Prandtl in 1926; it corresponds to 
the notion of the mean free path in gases: 
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Prandtl’s argument™ is this: Suppose a “fluid lump” of average ve- 
locity U(y) is shifted from y to y + J; in terms of the additional motion, 
this means a fluctuation of approximately 


It is a reasonable assumption that the fluctuation of the side motion v in 
the mixing process will be of the same order of magnitude. This admitted, 
one obtains for r according to (8) an expression of the following form 


aU | aU 

dy | dy * 

If this is introduced in (9), the result is a differential equation that depends 
only on the quantities of the main flow and can be used for its analysis. 
However, the results obtainable in this way require continual experimental 
checking because of the hypothetical character of the relation (11), 


(11) tT = pl 


B. Older Attempts at a Mathematical Theory of Reynolds’ Turbu- 
lence Criterion 


Even before Reynolds started his theoretical investigations, Lord 
Kelvin™ had treated the problem of flow stability by the method of small 
oscillations, but did not obtain definite results. Twenty years later the 
problem was attacked again; the object at this time was to study the 
stability of the form of the Couette flow’ represented in Eq. (16.14), 
which is mathematically so very simple. If a small disturbance (u, v) with 
stream function y is superimposed on the main flow U, which has a 
rectilinear velocity profile, the resulting differential equation of fourth 
order 7 


2 2 2, 
AS rg AOE A 


(12) dx dy” dx 


that describes the problem in the general case, splits up, because of 
d'U/dy’ = 0, into 
(12a) (2 + us ~ 17?) = (i) wo 
One resolves now wy and x in Fourier components by putting 
(12b) y=jye xa rye”. 
*%Strémungslehre, Vieweg 1942, p. 105. 


Phil, Mag. 24, 188 and 272 (1887). 
%*W. M. F. Orr, Proc. Irish Acad. 27 (1907). — A. Sommerfeld, Internat. Mathem: 


Congress, Rome, 1908, Vol. III, p. 116. 
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The resulting ordinary differential equations for f and F are of second 
order and can be solved by known functions over the whole range 0 < 
y < h (Bessel functions of order 3 and %). The boundary conditions at 
y = 0 and y = h give a transcendental equation for 8 in the form of a 
certain second order determinant that must vanish if non trivial values 
of the integration constants are to be obtained. If for a given real a this 
equation has a solution with positive-imaginary part, then instabilzty pre- 
vails in the sense that disturbances of the wave number a increase in time. 
The critical Reynolds number would thus be determined by that a-value 
for which the imaginary part of 8 vanishes for the first time. 

However, Mises’® was able to deduce from the nature of the tran- 
scendental equation that such a value of 8 cannot exist, or that the straight 
Couette flow is seemingly stable toward all disturbances a. This conclusion 
has been confirmed by Hopf” in a more direct way by a detailed discussion 
of the corresponding types of oscillations. Moreover, it seems that ac- 
cording to Noether” the stability proof can be extended to all flows 
between two plane parallel plates (unless special discontinuities occur in 
the initial velocity profile). 

Detailed calculations in the sense of Eqs. (12) and (12b) have been 
carried out by Sexl”® not only for the flow between plane plates but also 
for the Couette flow proper®’ between coaxial cylinders, and likewise for 
the Hagen-Poiseuille flow. In every case the transcendental equation 
associated with the problem leads to the conclusion that the flow is stable. 

Thus we have striking contradiction between theory and experiment. 
What conclusions should we draw? Should we suspect the method of small 
oscillations that has proved reliable in all other domains of mechanics 
including astronomy? Should we rather assume that for such a proof of 
instability finite instead of (infinitely) small disturbances ought to be 
resorted to just because the object of investigation is the laminar motion? 

Or should we blame the Navier-Stokes equations as inadequate for 
our problem? This does not seem justifiable either, particularly since in 
the last analysis they form the foundation for all previous theoretical 
statements, including Reynolds’s laws of similarity. 


®R. v. Mises, Heinrich Weber-Festschrift, 1912, p. 112 (Teubner), Jahresbericht 
d. D. Mathem, Vereinigung 21 (1912) 241, 

"71,, Hopf, Ann. d. Phys. 43 (1914) 1. 

8". Noether, Z. angew. Mathem. u. Mech. 6 (1926) 232. 

*Th. Sexl, Ann. d. Phys. 83 (1927) 835, 84 (1927) 807, 87 (1928) 570. 

%In the more refined experiments on Couette flow performed by Sir G. Taylor 
(cf. p. 121) the deviation from the laminar motion occurring beyond the stability limit 
turned out to be helical (hence three-dimensional) rather than axially-symmetric. 
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C. Reformulation of the Turbulence Problem; the Origin of the 
Turbulence 


It was possible to find a way out of these difficulties when investigators 
directed their attention, as Prandtl had done it, to the manner in which 
turbulence comes into being in a given flow arrangement (cf. also our dis- 
cussion of pipe flow experiments on p. 118). Here again the Couette flow, 
in which the flow field is bounded by a plane plate moving in z-direction, 
proved simpler than the pipe flow. At the beginning of the motion a 
boundary layer develops along the plate; the other plate bounding the 
flow field may be supposed at infinite distance, for the time being. The 
fluid that fills the space between the boundary layer and that plate is 
considered at rest or in laminar motion according to a preassigned law 
U(y). The decisive factor for the stability is the velocity profile of the 
boundary layer, as was first recognized by Tollmien.*' Tollmien’s stability 
criterion (Gétt. Nachr. 1935) states that velocity profiles with inflexion 
points, such as occur in a boundary layer with positive pressure gradient, 
are extremely likely to become unstable. To characterize the investiga- 
tions that aim in this direction (determination of the eigenvalues and 
approximate calculation of the eigenfunctions in the strip between the 
plates) we quote a paper’ of Schlichting: “The main flow is not assumed 
to have a fully developed linear velocity distribution; one rather in- 
vestigates one by one the velocity profiles that occur between two parallel 
plane walls when one wall is suddenly set in motion, changing from a state 
of rest to one of constant velocity. A boundary layer then forms along the 
moving wall, the thickness of which increases with time, and if the main 
flow stays laminar, its velocity profile approaches asymptotically a straight 
line. In contrast to this, the earliest among these transient profiles have 
finite critical Reynolds numbers whose magnitudes depend on the shape 
of the profile. The actual Reynolds number of the Couette flow is then 
obtained as the lowest stability limit during the initial period’’. 

If the problem is formulated in this way, its solution is of course much 
more difficult than the problem contained in our Eqs. (12). It can only 
be solved by the use of step by step approximations, carried out by 
numerical and graphical methods, which we can only mention here. They 
lead to a definite, practically meaningful value of the stability limit which 
depends, however, on how the turbulent state was produced. 


31W. Tollmien, Uber die Entstehung der Turbulenz, Géttinger Nachr. 1929. 

2H. Schlichting, Ann. Phys. 14 (1932) 905. He refers to previous work done by 
other authors in Prandtl’s group: O. Tietjens, Z. angew. Mathem. Mech. 5 (1925) 
200, W. Tollmien, |. ¢., cf. also later papers of Schlichting in Gott, Nachr. 1982, 1933, 
1935. 
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To illustrate once more the changed view point we could perhaps say: 
Not the instability of the laminar flow as such is proved as it was tried 
under (B), but it is shown that the road toward it is blocked by unstable 
states. Thus the instability is not an inherent quality of the final state 
but of its history. 


D. The Limiting Case of Isotropic Turbulence 


In view of this complicated state of the problem one can ask whether 
there exist ideal flow conditions that are approached by the turbulent 
fluid in the limit of infinitely increasing Reynolds number; this final state 
could be called turbulent equilibrium. We suppose that no spatial direction 
is preferred and thus speak of zsotropic turbulence. In the state of isotropic 
turbulence the space of the fluid is divided into turbulence elements or 
turbulence cells of ever changing size that are arranged in some statistical 
way. The eddies in the cells follow the Navier-Stokes equations, but are 
too complicated for complete mathematical treatment. Thus the equilib- 
rium between the different turbulence elements can only be described 
statistically. One asks for the probability that a certain size of the turbu- 
lence elements occurs. This brings us back to the search for the spectrum 
of the turbulence elements which was already mentioned on p. 271. 

The kinetic theory of gases may serve as an approximate model of 
this theory. Although the mathematically exact state of the gas (position 
and velocity of the gas molecules) is entirely determined by the history 
of the gas (i.e., the preceding states), one is only interested in the statisti- 
cally most probable distribution (sometimes also in the probability of a 
given deviation from that distribution) which is given by the Maxwell- 
Boltzmann law. Similarly in the turbulence problem, where one is in- 
terested in the statistically most probable distribution of the vortices, which 
can be described in the form of a statement about the frequency of vor- 
tices of a certain size and a certain rotational speed. 

Weizsicker obtains the velocity spectrum of the isotropic turbulence 
by a similarity consideration in which turbulence cells of different sizes 
are compared under the assumption of a quasisteady state (i.e., its change 
in time is small compared with the time needed to establish statistical 
equilibrium). A further assumption is the random nature of the state. As 
a result the following spectral law is obtained: The mean velocity of a 
particle relative to its surrounding neighbors varies as the third root of its 
diameter. As a consequence, the energy density in function of the wave 
number is proportional to the —5/3 power of the wave number. However, 
these laws are only valid in the middle part of the spectrum, which part 
is very extended in the case of large Reynolds numbers. For small wave 
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numbers (large turbulence elements that are comparable in size with the 
container) the statistical treatment must be replaced by the consideration 
of the individual hydrodynamic boundary value problem; for very large 
wave numbers (small turbulence cells) the Navier-Stokes friction causes 
the spectral intensity to drop to zero very quickly. 

Heisenberg substantiates the same results by the use of Fourier 
analysis and supplements them by the calculation of the factors of pro- 
portionality, by a more exact investigation of the limiting cases of small 
and large wave numbers, and by the determination of the pressure fluctua- 
tions. 

For all details and in particular, for the comparison with the experiment 
we refer to the papers of the two authors.* 


E. A Mathematical Model to Illustrate the Turbulence Problem 


To J. M. Burgers who had been trying to explain the facts of turbulence 
on an statistical basis, we owe a mathematical model** from which prop- 
erties analogous to those observed in actual turbulence can be deduced 
with mathematical rigor. The simplified system of equations which 
Burgers puts tentatively in place of preceding Eqs. (9) and (10), is 


—— — 2 — 

oe P—% vU, 
(18) 

du _ ~ 

i Uu — vu 


These equations are non-linear like the actual equations of turbulence 
(u” occurs in the first and Uw in the second equation), each equation con- 
tains a dissipative friction term [yU in the first and vw in the second 
equation, corresponding to the terms 1V°U in (9) and (u/p)V7u in (10)]. 
The constant P in (13) replaces the pressure gradient dP/dzx in (9) and, 
like it, represents a driving force. The independent variables are U and 
u as before; U is the main motion, wu the turbulent additional motion. 
However, Eqs. (9) and (10) refer to a domain of three independent vari- 
ables x, y, t, while there is only one independent variable t in (13). 


*C. F. v. Weizsicker, Das Spektrum der Turbulenz bei grossen Reynoldsschen 
Zahlen; W. Heisenberg, Zur statistischen Theorie der Turbulenz, Z. f. Phys., 124, (1948) 
p. 608-657. See also W. Heisenberg, On the theory of statistical and isotropic turbulence, 
Proc. R. Soc., 195, (1948) p. 402, and Th. v. Karman and C. C. Lin, The statistical 
theory of turbulence, Advances in Applied Mechanics, II, Academic Press, New York, 
1950. 

Mathematical Examples illustrating relations occurring in the theory of turbulent 
fluid motion, Akad. Amsterdam 17 (1939)1. 
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The non-linear terms in (13) have been chosen in such a way that 
they drop out when the expression for the “energy” is formed; for we 
require the permanence of the general rule, according to which two equa- 
tions of the form (13) should be added after multiplication with U and u 
respectively, and so would yield the energy expression. In our case one 
obtains 
(18a) wh 


i (4+) = PU-uoWU' + Vv). 


In the right member, the first term is the work per unit of time performed 
by the driving force P which, supposedly, acts only upon the main motion; 
the second term is the energy dissipated by friction. 

There exists a “laminar” solution of (13), viz. 


(14) U=U=, u=0. 
It is stable as long as 
(14a) ed Ee ep 


This can be seen directly if the method of small oscillations is applied. 
One puts 
U — Uo a S = 0 


and neglects higher powers of € and y. Then, by (13), one has 


(14b) 
ge Uo Oe 


The first of these equations represents an exponentially decreasing dis- 
turbance; this is also true for the second equation but only if Uy < »; 
hence by (14) we have condition (14a). For U, > » and, therefore, P > v’, 
Kq. (14) is still a solution of (13), but it is unstable because of the second 
Eq. (14b). 

There exist, however, two solutions for P > v” which we characterize as 
turbulent, since they include a contribution of the additional motion. They are 


(15) U =», U= UW = &tVP -v’. 
Both solutions are stable for P > v’, for, if one puts 
Os a g, U=U+t1 


and again neglects higher powers of £ and 7 in accordance with the method 
of small oscillations, (13) becomes 
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dt YE 2uom, 
(15a) 


If one sets up a trial solution in the usual form 
(15b) fe. n = Be™, 
one obtains the following conditions which determine \ and B/A: 
NA = vA — QB, 
AB = wA; 
they yield on elimination of B/A 
Ny + vd = —2un 


San Bp) = ee. 


The roots d are negative real for 


(15c) 


The disturbance (15b) thus attenuates exponentially for any P > »’, 
which means that the solution (15) is stable for these values of P. The 
stability limit lies at P = v’ where one of the roots (15c) vanishes. The 
same value of P is the stability limit of the laminar solution and thus 
reflects Reynolds criterion of stability. It is true that, in contrast to the 
hydrodynamic reality, in our case both the laminar and the turbulent 
motion are steady, i.e., independent of ¢t, but the example should be 
taken as a model and does not attempt to explain the turbulence. (There 
is also this difference that in the model two forms of turbulent motion 
are equally possible [see (15)], while in reality the laws of turbulent 
motion appear to be uniquely determined by the Reynolds number.) 

Following Burgers, we give a graphic representation of the results by 
drawing in Figs. 66 and 67 a u, U-diagram of the two curves 


dU du 
(16) FT. 0 and A 0, 
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The equations are given by (13), viz. 
(16a) w+t»vU=P and (16b) u = 0, U = v respectively 


Eq. (16a) is a parabola, Eq. (16b) a pair of lines consisting of the U-axis 
and a parallel line to the u-axis. Since we have got two steady solutions 
in (14) and (15), their representations in our diagram are the intersection 


u 


Fic. 66 (left). Diagram of Burger’s turbulence model in the “laminar” case P < »’. 
Fic. 67 (right). Diagram of Burger’s turbulence model in the ‘‘turbulent” case P > v?. 


points of (16a) and (16b). In Fig. 66 the parabola lies entirely to the left 
of the line U = », hence there is only one intersection point; it belongs to 
the solution (14) and is unstable. There are three intersection points in 
Fig. 67. One of them lies on the U-axis. It belongs to solution (14) that is 
now unstable; the two others belong to the stable solution (15). 

Burgers** extended his method of “mathematical models” in several 
steps in the attempt to bring it closer to the actual behavior of a turbulent 
fluid. He considers a system of three simultaneous differential equations in 
which the main “flow” U is coupled with two additional motions, u and 
v, and permits these motions to depend not only on time but also on a 
spatial coordinate. This we shall not discuss here since the simple model 
of Eq. (18) in our opinion illustrates the mathematical situation suffi- 
ciently: By the non-linear character of the equations the occurrence of (two) 
entirely different types of motion is made possible. These types, which we 
again distinguish by the terms “laminar” and “turbulent”? are in some 
ways analogous to those of the turbulence problem; they branch off from 
one another at a certain stability limit, which we can compare with 
Reynolds stability criterion. 


Advances in Applied Mechanics, ed. R. v. Mises and Th. v. Karman, Vol. I., 
Academic Press, New York, 1948. , 


CHAPTER VIII 


SUPPLEMENTS TO THE THEORY OF ELASTICITY 


39. Elastic Limit, Proportional Limit, Yield Point, 
Plasticity, and Strength 


Up to this point we have assumed the solid body to be homogeneous 
and isotropic, and only permitted small deformations. In the following 
discussion we shall consider very briefly the principal deviations which 
appear under more general conditions. 

Let us consider a cylindrical steel bar which is clamped at one end 
and subject to a tensile force P acting at the other end. We shall first 
refer the tensile stress ¢ to the unloaded cross section of the bar Fy , as 
is customary in engineering practice. Thus 


(1) 7 


or the stress is proportional to the load P. 

If we plot the measured strains e as abscissas to the tensile stresses 
o calculated according to (1) as ordinates, we obtain for loads that produce 
very small deformations e a curve which is practically an exact straight 


- 
-* 
Po 
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(a) 


é 
Fic. 68. Stress-strain diagram of a tensile test with a tough material (steel). 
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line (see solid curve in Fig. 68). This is valid up to a point P that is called 
the proportional limit. 

The elastic limit designates a point on the diagram, below which a 
decrease or removal of the load produces a decrease or removal of strain. 
For steel, the elastic limit lies slightly below the proportional limit. 

Beyond the proportional limit, the stress-strain line becomes curved 
and reaches a maximum, which is called the upper yield point (also flow 
or plasticity limit) S, . The curve drops now to the lower yield point S, ; 
following the point S, the curve remains in the mean parallel to the e- 
axis over a short distance, usually presenting a few small waves in this 
section, the behavior of a given sample depending upon the composition 
and previous treatment of the steel. 

This transition region is followed by the plastic or flow region in which 
permanent deformations occur. A small change of load causes a rapid 
change of strain, so that in this range the curve first rises slowly with little 
curvature only, turning its concave side towards the c-axis. The maximum 
ordinate B corresponds to the ultimate load or ultimate stress, but fracture 
occurs only at the point Z, where the stress-strain curve ends abruptly. 
Note in addition that 

1. the bar undergoes lateral contraction everywhere and that 

2. in the neighborhood of the place where fracture is to occur the re- 
duction of the cross-section is particularly large; the constriction or “‘neck”’ 
formed there becomes quite noticeable once the point B in the diagram 
is passed. If we refer the load to the (variable) smallest cross-section F, 
that is, if we put 


(2) o=7 


and plot the tensile stress so calculated against the measured strain, we 
obtain the dashed curve in the plastic region. Within the elastic region, 
the two curves obviously coincide. 

Steel is the most important example of tough materials, while cast iron 
is typical for brittle materials. There is no plastic range in the latter case 
and no constriction either. Fracture follows almost immediately at the 
end of the sharply limited elastic range. According to earlier experiments, 
Hooke’s law did not seem to hold for cast iron altogether, but Griineisen’ 
has shown that for sufficiently small go proportionality exists between 
stress and strain. 

Materials that can be formed into a‘given shape like loam, clay, and 


lead show hardly any elastic properties, but exhibit plastic behavior 
throughout. 


1H. Griineisen, Ber. d, Deutsch. Phys. Ges. 1906. 
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Similar results as in the tension test described above are obtained in 
compression, bending, and torsion tests. It should be noted, however, that 
pure compression causes fracture only in brittle but not in tough materials. 
It is further assumed that in all these experiments the load is applied 
slowly, since the deformation depends not only upon the load, but also 
upon the duration of the application of the load. 

In connection with this last point we mention the elastic aftereffect. 
Even in the elastic range the deformation connected with a particular load 
assumes its final value only after a considerable time. We speak of the 
creep of the material in question. 

In analogy to the behavior of ferro-magnetic bodies we find also an 
elastic hysteresis. As in the magnetic case, the area enclosed by the hy- 
steresis loop in the e, o-plane represents the input of deformation energy 
per cycle. 

In the previous discussion the load was assumed constant or slowly 
varying. Of more importance, especially in machine design, is the case of 
periodic loading, where the stress oscillates above and below a mean value. 
In such cases fracture occurs at a much lower loading than in the case of 
stationary load; one speaks of the fatigue of the material. 

When we plot the number of load cycles until fracture, z, against the 
average stress g,, aS ordinate, we obtain a monotonically decreasing curve 
(so-called Wohler diagram), which approaches a horizontal asymptote 
Ges aS 2 increases. This indicates that the average stress must be kept 
smaller than the value of o,, (fatigue limit) in order to prevent a fatigue 
failure with certainty. 

When the load that finally causes the fracture has been applied slowly, 
the cross section at the fracture will exhibit coarse grained structure; in 
the case of failure under oscillating load, however, a portion of the broken 
cross-section will be fine grained, possibly showing the spread of an im- 
perfection (see below). The remaining portion of the section has the same 
appearance as in an ordinary fracture. We may conclude from this that 
the first part contributes only little to load bearing capacity, so that 
the remainder simply fails in a fracture by overload. Moreover, we know 
that the number of cycles z depends greatly upon the quality of the surface 
of the specimen. Small invisible cracks reduce z considerably. It may be 
mentioned in this connection that Voigt’s measurements of the breaking 
strength of sodium chloride crystals gave only 1/400 of the value cal- 
culated from the lattice theory. In this case, too, small cracks and surface 
irregularities are the cause of the discrepancy, since tests made under 
water, where the crystal surface is smoothed out in the process of dissolu- 
tion, gave 3/4 of the theoretical value of the breaking strength. 

Solid bodies used in engineering are mainly metals and metal alloys 
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composed of small crystal grains. Fine grained layers of foreign substances 
are interspersed between the crystals of the basic material. These inter- 
mediate layers can transfer considerable cohesive forces and give the 
solid body a certain degree of homogeneity. But in the same layers are 
also found places of lesser strength, imperfections of the structure from 
which a fracture develops. Organic materials like wood and leather, are 
composed of chains of crystal-like cells, in which other materials are im- 
bedded. Glass, on the other hand, is an example of an amorphous material. 

Concerning the crystalline structure of metals we know today that 
every crystal is a spatial lattice. The elementary units of the crystal lattice 
are the atoms of the metal, which are arranged in lattice planes and, 
within these planes, in lattice lines. The lattice planes can be arranged in 
three families of parallel planes which are not necessarily orthogonal to 
each other. 

At small loads in the proportional range, the space lattice suffers a 
continuous deformation without essential changes in shape; the deforma- 
tion disappears as the load is removed. Within the plastic range, the 
crystal deforms with a change of shape. The lattice planes of that family 
which contains the most densely occupied lattice lines, slide in the direction 
of these lattice lines. In this process the intermediate layers are also dis- 
torted. 


40. Crystal Elasticity 


The entire field of physical phenomena in anisotropic bodies has been 
expertly surveyed in “Lehrbuch der Kristallphysik’’ by Waldemar Voigt.” 
In this work the most general relations are developed that are compatible 
with the symmetry properties of the crystal and with the geometrical 
characteristic of the physical phenomenon under consideration, which may 
be a scalar field, a vector field or a tensor field of second or higher order 
(cf. p. 60). In crystal elasticity we are concerned with the relation be- 
tween stress and strain tensor. Since both are symmetrical tensors of 
second order and have six components, the most general linear stress- 
strain relation will depend upon 6 X 6 = 36 coefficients. 

This number will reduce, however, to 
(1) 6x 5 


oo xX en 


when the strain energy W is a function of state, as Green first postulated. 


Teubner 1910, second impression 1928. Beside dielectric and conductive properties 
such phenomena as pyroelectricity and piezoelectricity are treated; the latter has 
gained special interest in the meantime. Crystal optics, however, has been considered 
beyond the scope of this work. 
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We have pointed out (p. 73) that this assumption is justified both 
in the cases of an isothermal process (problems of equilibrium) and of an 
adiabatic change (rapid oscillations). In these cases then, which alone will 
interest us in the following dW is a total differential. Replacing for the 
present our general notation o,, and ¢;, by a single subscript notation we 
set® 


Ohi SS Gal Wey SS er IR SR Ub SS er oi Rey SS 


(2) 


(ul SS Suey Sb? Saar Gh Se Sar 2e23 = & , 23; = €5, 2é1n = €. 


Then the double sum of Eq. (9.24) becomes 

(3) dW 3 Ae 

and the general stress-strain relation appears in the form 
(4) o; = oD Sess 


where the s;, are now the moduli of elasticity.* If (3) is to be a total 
differential, we have 


Oo, _ 90% 
de; ez’ 
which according to (4) means 
(5) Sy == Oo 
When we write the coefficients s in a quadratic array of 6 rows, it follows 
that they are symmetrical with respect to the diagonal s,; , ++ S86 . This 


immediately leads us to the count in Eq. (1). The same is of course true 
for the elasticity constants c. 

Let us insert here the remark that the older molecular theory of 
Navier, Cauchy, and Poisson based on the idea of central forces between 
molecules led to a further reduction of that number to 15. We know, how- 
ever, that this theory is too narrow in the case of the isotropic body. It 
would assign the universal value { to the Poisson ratio v in equation (9.9) 
and in this way reduce the required number of 2 elastic constants for 


’The strains e , 65 , «s introduced in (2) are defined in the same way as Kirchhoff’s 
Y2, 22, Ty (cf. the table on p. 000). At this point the omission of the factor 3 which 
was introduced in our definition of the e:, with a view to the general structure of tensor 
algebra proves advantageous. 

4This notation is due to Voigt who uses it throughout (ef. footnote on p. 64). The 
coefficients in the strain-stress relations obtained by solving Eqs. (4) for the quantities ¢ 
are denoted by ¢;, according to Voigt (constants of elasticity). 
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isotropic bodies to 1. Moreover, modern crystal lattice theory, which was 
already mentioned at the end of the previous article, has shown that the 
cause of this difficulty lay not so much in the molecular theory as such, 
as in its too narrow formulation: since the crystal in general consists of 
several superposed lattices which can move with respect to each other in 
the elastic deformation, the concept of pure central forces becomes in- 
adequate. 

The number 21 mentioned previously refers to a crystal without sym- 
metry, that is to a triclinic crystal. The state of symmetry of a physical 
process acting on a crystal is determined according to the following prin- 
ciple (Voigt, L.d.K., 53): The symmetry of the physical process 1s super- 
imposed on the symmetry of the crystal. Now, the elastic deformation has a 
center of symmetry since the strain in any one direction is the same as in 
the opposite direction. On the other hand, there are two possible cases of 
symmetry relations in a triclinic crystal, one with, and one without center 
of symmetry. In the latter case, however, the missing center of symmetry 
is supplied, as one might say, by the center of symmetry of the strain. 
Both sub-groups of the triclinic system therefore behave in the same way 
as far as elasticity is concerned. 

There exists a total of 32 groups of symmetry** which make up the 
7 crystal systems, viz. the triclinic, monoclinic, orthorhombic, tetragonal, 
trigonal, hexagonal, and cubic systems. The principle quoted before implies 
in our case that the first three systems and the last two are uniform in 
regard to their elastic constants while the tetragonal as well as the trigonal 
systems must be divided each into two subclasses with different schemes 
of elastic constants. We shall give a few examples below of these 5 + 2 X 
2 = 9 different schemes. 

The crystal axes are generally designated by a, 6, c. In the triclinic 
system the axes have different lengths and arbitrary directions. In the 
monoclinic system, one of the axes is perpendicular to the other two and 
represents an axis of symmetry for rotations through 180°. If we choose 
this axis as 2-axis of an orthogonal coordinate system x, y, z, and call the 


elastic displacements &, 7, ¢, a rotation through 180° about the z-axis will 
cause the changes 


(a) v,Y, 2% —@, — Y, @, 9) © 2 ae 
the associated changes in the strains are according to (2) on the one hand 


(b) €1, €2, €3 , €g —> €& , €2, €3, & 


*“As is well known, they are distinguished from each other according to their sym- 
metry relative to a point. The more basic classification according to the spatial symmetry 
character that leads to 230 groups need not interest us here. 
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on the other hand 
(c) €4 , €&5 > —~ €4, —€5 ; 


One verifies easily that the expressions 


RU erats — 8 | 9 
ey = az oy and Gj = ax -f- dz 
change their signs in the operation (a), while for example the expression 
dé | an 
“6 ay ay 


keeps its sign. Since the stresses ¢ behave in the same way as the strains 
e, they must follow the same commutation rules (b) and (c). We now 
rewrite the stress-strain relations (4), marking the terms whose signs 
change in the operation (a) by + and indicating the remaining terms on 


the right side by --- . In this way we obtain for k = 1, 2, 3, 6 
(d) Op, = °°° ASpse, = Ses€s °° * , 

but for k = 4, 5 

(e) S20, = ** Seay = Oegen 


For fixed k, (d) represents two equations which, on subtraction, lead to 
the following relation: 


(f) Spa€s +- Sr5€65 = 0 for k = i, 2, 3, 6. 
Similarly, the pair (e) gives on addition 
(g) $x1€1 + Sz2€2 + S13 €3 + Srxe€ = 0 for co 4, 5. 


From (f) we conclude 
(6) O = S14 = Sos = Spa = Soa = Sis = Sop = S35 = Ses, 


and the same result follows from (g) because of the relation s;, = s,; . 

On the basis of (6) the behavior of the moduli of elasticity in the 
transition from the triclinic to the monoclinic system has now been 
established: 


Triclinic system 
no symmetry axis Si Si2 S13 Si4 S15 Sis 
21 constants S22 S823 Soa S25 S26 
833 S34 835 836 
S44 845 $46 
855 856 
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Monoclinic system 


one digonal axisofsymmetry Ai Su Sie S13 0 0 Si¢ 
13 constants Soo Sos 0 0 S26 
S33 0 836 

S44 S45 0 

S55 0 
See 


In the orthorhombic system where a, b, and c are mutually orthogonal 
another digonal axis of symmetry A? is added to A? ; the axis Aj which 
is also present can be considered as a consequence of the two other axes 
and must not be taken into separate account. 

By repeating the argument that leads to equation (6) one obtains in 
the present case 


Orthorhombic system 
two digonal axes of symmetry S11 Sie S13 0 0 
A? and A? , 9 constants Bea eerae 0 0 
Sag 0 0 
S& 0 0 
855 0 
See 
Similarly, one has for the 
Cubic system 
three interchangeable tetragonal on Sia Sie 0 0 
axes of symmetry, 3 constants Sie oe 0 0 
Siu 0 0 0 
S44 0 0 
Sas 0 
S44 


From the last scheme we conclude that the cubic single crystal has an 
clastic behavior different from the isotropic body. The former possesses only 
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two independent moduli of elasticity, for example, our previous » and X. 
In order to adapt the above scheme to that of equation (9.6), we would 
have to specialize the three constants as follows: 


Si Qu ae d, Sig = A, Sev, = My, 


that is, we should add the following condition which is not fulfilled in the 
cubic single crystal: 


Sir = Syo + 2W8ay . 


From a physical point of view this is connected with the fact that the 
so called isotropic solid body has no uniform structure, but is a poly- 
erystal. The elastic behavior which we actually observe is simpler than 
that of the single crystal, but it is only the result of averaging the elastic 
reactions of a very large number of single crystals that are in random 
positions with respect to each other. For an example we refer to the metals 
discussed in the previous article. 

Quite different is the answer to the corresponding question in the field 
of optics. Cubic single crystals of fluorite or rock salt are frequently pre- 
ferred as lense materials for optical instruments in certain ranges of the 
spectrum, where they are superior in transmissivity to ordinary isotropic 
(amorphous) glass lenses. This is possible, because the cubic single crystal 
is optically isotropic. In the framework of Voigt’s general system the 
cause for this different behavior must be seen in the following distinction: 
in elasticity the basic relation is a tensor-tensor relation (stress-strain), in 
optics it is a vector-vector relation (electric field- dielectric displacement). 

We cannot further pursue the interesting details of crystal elasticity. 
Our principal aim was to characterize the elastic behavior of isotropic 
bodies as contrasted with that of the uniform anisotropic bodies. 


41, The Bending of Beams 


Loaded and bent beams are among the principal elements of all building 
constructions. In planning a new structure bending loads are calculated 
and must be legally approved. The theory employed for this purpose is 
simple and has been in use for 200 years; its origin dates back to Daniel 
Bernoulli. We shall discuss below how this theory can be substantially 
justified through more rigorous methods (St.-Venant), but we shall first 
follow the historical development. ‘aft 

We limit ourselves to the simplest case of a straight beam subject to 
slight bending. The cross-section of the beam is arbitrary (one may think 
of a T or I section), but it is assumed as constant over the length of the 
beam. 
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Let us first disregard the weight of the beam. At one end the beam 
supports a vertical load, while the other end is clamped rigidly; thus the 
upper fibers of the beam are stretched and the lower ones compressed. 

Bernoulli assumes that each plane cross-section of the beam remains 
plane also after bending. Navier concludes from this that the normal 
stresses transmitted by a cross-section are distributed according to a lonear 
law. We consider two neighboring sections originally separated by the 
distance dx (x is taken from right to left as indicated in Fig. 69a). The 


+6 dX 
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Fig. 69. Illustrating the elementary bending theory. An element of a beam (a) in 
the original state and (b) in the bent state. 


fibers running between the two cross-sections have the length dx + édz 
after bending. Due to the assumed planeness of both cross sections, the 
extension of the fibers decreases linearly from the upper face of the beam 
downward and becomes zero at some particular layer NN; édx now stays 
negative down to the lower face of the beam and represents the contraction 
of the fibers. The strains are distributed in the same linear way. 


and so are the stresses [cf. (9.8)]: 
(1) o = Ee. 


When o,,,x is the stress in the (upper or lower) boundary fiber and h 
its distance from NN, (cf. Fig. 69b), the linear law states that 


(2) = > y ++ y = distance between fiber with stress o and NN 

In order to determine the maximum stress o,,,. , we shall investigate 
the equilibrium of forces acting on an isolated beam section of length x 
(cf. Fig. 70); in doing so we may disregard the deflection of the beam. We 
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are mainly concerned with the equilibrium of moments taken about an 
axis normal to the plane of Fig. 70 and containing the point N at the cross- 
section x, but we shall also consider the equilibrium of force components 
in the horizontal x-direction. Equilibrium of forces in the vertical y-direc- 
tion will be considered later. 


Fie. 70. Equilibrium between the bend- 
ing moment M and the moment of the 
normal stresses o. 


For the particular loading here assumed the moment of the external 
forces, usually designated as bending moment M, is 


(3) M = Px. 
According to Eq. (2) the forces cdf have the moment 
(4) fag = 21, r= f yas. 


The quantity J is called the moment of inertia of the cross-section. In Vol. I 
the moment of inertia of a plane mass distribution has already been in- 
troduced and a distinction made between polar and equatorial moments 
of inertia. Here, however, we are dealing with a plane area and not with 
a plane mass distribution, hence the dimension of I is not gem” but rather 
em*. Since the axis through N for which J is computed lies within the 
cross-section, J is to be considered as an equatorial moment of inertia. 
When the opposite direction of the moment arrows shown in Fig. 70 is 
considered, the moment equilibrium requires according to (3) and (4) 
hM 

7° 
This relation together with (2) determines the stress o for any other point 
of the cross-section. 

The engineer is particularly interested in o,.. since it is his task to 
keep the maximum occurring stress below the legally admissible limit, oaam - 
He has to find the cross-section with the largest loading, that is, with the 
largest bending moment, and proportions the beam in such a way that in 
this cross-section the stress at the boundary face max < Gaam - For beam 
profiles used in engineering, the values of J and I/h are tabulated in tables 
of moments of inertia and section moduli. For a circular cross-section of 
radius a we have’ (cf. Vol. I, Problem IV. 1) 


(5) Omax = 


5Cf. Synge and Griffith, op. cit., p. 220. 
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(6) I= 


for a rectangular cross-section of width b and depth 2h 


(6a) 1 = 2k 

In both cases we have anticipated that the axis y = O passes through 
the centroid of the area of the circle or rectangle, being parallel to 6 in 
the latter case. 

To show this in general we have to use the equilebrium condition for 
force components in x-direction. The external forces do not contribute 
anything to the equilibrium equation, neither in our particular case where 
the external force P is vertical, nor in general, since otherwise the problem 
would not be one of pure bending but of combined bending and tension 
or compression. The condition is then simply 


[caf =0, 


or, because of (2), 
il Pe ep 


On the other hand, the centroid of the cross-sectional area is defined by 
the fact that the first moment” of the area with respect to its centroid is 
zero, equivalent to f y df = 0. The fiber passing through the consecutive 
centroids of all cross-sections of the beam is called its neutral fiber or 
neutral line. The horizontal plane containing the points y = 0, is known 
as the neutral plane. This has already been indicated by the notation NN. 

We now determine the shape of the neutral line in its deflected position. 
For this purpose we have to set up the differential equation of the elastic 
line, which can be derived on the basis of Fig. 69b: Here the center of 
curvature C' of the elastic line NN has been indicated as the intersection 
of the prolonged traces of the cross-sections at x and x + dz. The sides 
of the triangle CNN are p, p, and dx where p is the radius of curvature. If 
we draw through one of the points N a parallel to the trace of the other 
cross-section we obtain a triangle similar to CNN the third side of which 
is the face of the beam. The sides of this triangle are h, h, 6d%max = €max A2. 
Hence the following proportion holds: : 

dx €max dx 


p h 


‘Sometimes the term static moment is used which is not a very appropriate expres- 
sion. Likewise, second moment should be preferred to moment of inertia. 
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By the use of (1) and (5), it may also be written 


1 M 
As to the choice of the sign in this equation we refer to Fig. 69b for the 
sake of brevity and omit the introduction of sign rules for p. The right 
hand side is a known function of x or, more generally, a known point 
function along line NN. (The second formulation refers to finite deflections 
where the abscissa must be replaced by the are length s of the elastic 
line.) The left hand side of (7) is the curvature, a differential invariant 
of the curve; thus equation (7) is the differential equation required. 
For sufficiently small deflections we know that approximately 


1_ dy 
pdx’ 
and consequently 
dy _ M(x) 
(8) ac 
Referring to the particular loading (3), we obtain 
dy P 
(9) dx’ EI” 
and after integration 
9 ogi ts ‘e + Ax + B} 
( a) Voss E Ii 6 x H) 


which is a cubic parabola. The integration constants A and B result from 
the conditions at the point of support: 


; Yo= i if: 
(9b) for Bb = dy _ 9 ee 5 B=. 
dx 


The maximum deflection occurs at x = 0: 


~1P p. 
(9c) Yo = any: 


We consider now a beam simply supported at each end by a pair of 
uprights at distance J from each other, and loaded only by its own weight. 
The (constant) weight per unit length being p, the reactions at each 
support will be —pl/2, where the minus sign indicates the upward direc- 
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tion of these forces. The bending moment at any point is composed of 
the moment of the weight and the moment of one of the end reactions: 


(10) M(z) = 5 x@ — D. 
Integration of (8) then gives 

= 21-2 
(10a) Y = ony ‘% + Ax + ah, 


a parabola of the fourth order. 
Instead of the conditions (9b) we have now 
for z=0 P 


y=0- B=0, A=q- 


—_ 


for Lae) 


The largest deflection occurs, of course, at the central cross-section and 
amounts to 


__ SOD A 
Cy) Yous = 16 x 24 EI 
Of more interest for the following is the case where a couple acts at 
the end of the beam instead of a single force as in Fig. 70. This could be 
physically realized by two equal forces of opposite direction, acting in 
close proximity to each other and having such magnitude that their mo- 
ment has a finite value. Then M can be considered as constant and ac- 
cording to (8) 


(11) y = ue + Ax + Bh. 


If the beam is clamped at the other end (2 = 1) we have the same condi- 
tions as in (9b), and it follows that A = —l, B = 41’. The deflection at 
x = 0 is then 


(11a) = ——- /?, 


In this case the shape of the elastic axis can be more accurately described 
than by the parabola (11): according to (7) it is a circular arc, since its 
curvature is constant. 

This last case is the only one in which we are led to a clear-cut result 


by our equilibrium conditions. The third equilibrium condition which we 
have to stipulate, viz. 


(12) Sum of all vertical components = 0 
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is here satisfied, whereas this condition requires in general that at every 
cross-section x a vertical shear force opposes the external loads. This shear 
force results from the combined action of all shear stresses of the section 
under consideration. If we take the beam of Fig. 70 as an example, shear 
stresses o,, would have to occur in addition to the normal stresses o,, , SO 
that for every cross-section 


(13) ce dae Pe. 


This, however, would imply the occurrence of angular changes y,, , causing 
the originally plane cross-section to warp. In other words, Bernoulli’s 
hypothesis, in asserting the permanent planeness of the cross-sections, 
contradicts the general fundamentals of statics. Thus it would seem that 
Nawier’s law of linear variation of the normal stress which is based on Bern- 
oulla’s hypothesis, ts also invalidated. 

Before we show a way to overcome this difficulty, we wish to determine 
the magnitude of the required shear stresses. The integral condition (13) 
is not suitable for this purpose, but we can make use of the differential 
relation (8.11). In the absence of external body forces and with o,, evi- 
dently vanishing if for instance a rectangular cross-section is assumed, 
this relation may be written 


Oe: ~ OOxy 


i. * i” 


Notwithstanding the previous critical remarks, the statements of equations 
(2), (5) and (3) may be considered as approximations. We have then 
tm sorte A Si = Sa —V 
The integration constant A in the last equation must equal h’, so that 
oz, = 0 for y = +h. This must be required since the value of ¢,, at the 
upper or lower edge of the cross-section determines the shear stress o,, 
acting within the face of the beam; the face, however, must be completely 
free of stress. It is not difficult to determine the warping of the rectangular 
cross-section that results from the o,, and the associated shear angle yz, . 
We now wish to point out briefly how the bending theory can be freed 
from the internal contradiction revealed above. St.-Venant’ accomplished 
this in 1855. First of all, it must be emphasized that the relations between 
stress and external forces used so far are not sufficient to describe the 


7A complete representation is found in de Saint-Venant’s translation of Clebsch’s 
lectures: Théorie de l’elasticité des corps solides, trad. par Saint-Venant and Flamant, 
Paris, 1883. 
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elastic state completely. One must make recourse to the elastic displace- 
ments é, 7, ¢, as they occur in the fundamental elastic equations (9.18). 
Then we note that nowhere in the preceding argument we have mentioned 
the stresses o,, , 622 ) 0,2 - In fact, they do not enter into the consideration 
of the equilibrium of a bent beam and can therefore be set equal to zero. 
If we express them in terms of £, , ¢, we obtain simple differential relations 
between these quantities by the use of which the equations (9.18) can be 
greatly simplified and finally come out as:° 


an Pe oP d” | d& 
(15) (us ~ oy? dz? dy =} ox ? 
From this we conclude first: the strain 0&/dx of the x fibers and conse- 
quently also their stress ¢ = o,, is a linear function of the coordinates in 
the cross-section y and z. The linear distribution law for o,, is thus a 
necessary consequence of the fundamental laws of elasticity and Bernoulli’s 
hypothesis is not required for its derivation. 

Eq. (15) shows further that the extension of the x-fibers is also a 
linear function of x; this implies together with Eq. (5) that the bending 
moment M should be a linear function of x, which is actually the case 
for one or several single loads or single moments (but not for the con- 
tinuously distributed load of the weight of the beam itself). The following 
restriction should be noticed, however: the single load ought to be applied 
in such a way that it can be balanced by the shear forces o,, that act 
across the cross-section at which the load acts; in other words, the load 
should be distributed over the cross-section in the same way as previously 
computed for o,, . This is, of course, never fulfilled in reality. We may, 
however, take the following view: whether we have a lumped or a dis- 
tributed load can only make a difference in the neighborhood of the cross- 
section under consideration, provided, of course, the loads in both cases 
are statically equivalent. This can be demonstrated by suitably chosen 
experiments as well as by theoretical examples and is often formulated as 
a general theorem under the name of Saint-Venant’s principle. 

Thus the simple method of computing beams set forth at the beginning 
of this article that has given satisfactory results in innumerable cases has 
been vindicated from a more rigorous point of view. 


42, Torsion 


We first consider the simplest case of the torsion of a rod with circular 
cross-section, which, in a way, is also the most important case. We 


‘Cf. for this calculation A. Féppl, Vorl. ib. techn. Mechanik, 4th ed. Leipzig, 1909, 
Vol. TU, 73. 
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think of the fact that every engine shaft is subject to torsional loading: a 
torque about the axis of the shaft is produced at one end by the driving 
mechanisin, at the other end an vpposite torque acts which originates in 
the mechanism that receives the power; in steady motion both torques 
have the same magnitude. This example shows the general characteristic 
of torsional loading. For a straight rod of arbitrary cross-section it consists 
in a torque that acts about the rod axis at one end; whether the other 
end is kept fixed or subject to the opposite moment makes no difference; 
an additional tensile loading, e.g., in the direction of the axis of the rod 
would mean that we deal no longer with pure torsion. 

It is easy to imagine the kind of deformation that is established by 
twisting a rod of circular cross-section whose one end is kept fixed, but 
we shall have to show that the deformation we think of is theoretically 
admissible. We assume (cf. Fig. 71) that every cross-section of the rod is 


M=Pd 


Fig. 71. The torsion of a rod of circular cross-section. The 
base is rigidly clamped, a torsional moment M acts on the 
free end. 


rotated through a certain angle ¢ which is proportional to the z-coordinate. 
This means 


(1) ¢ = az, a = Const. 


The originally straight generatrices of the rod are transformed into cir- 
cular helices; the components of the displacement vector s are according 
to (1) in cylindrical polar coordinates 7, ¢, x 


(2) s. =O, Sy = arz, s, = 0. 


‘In order to obtain the strains we have simply to introduce the quantities 
(2) in Eqs. (4.26) and (4.28) for 6g: , 5g. , 6¢3 , putting, because of ds” = 
dr’ + rdy’ + dz’, 


g. = 1, 92 = 7%, g, = 1. 
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This leads to 

é; =e =  =4 
(3) 

é,, = 0, 2€y2 = ar, éz, = 0. 
The associated stresses « are now found according to Eqs. (9.7), which 
are relations between tensors and therefore valid in arbitrary orthogonal 
coordinates: 


Orr = Oyo = GCzrzr = Grr = Ore == 0 


(4) 


Cry = T= HOP. 


In agreement with common engineering usage the notation 7 is here applied 
to the only shear stress that acts in the cross-section x = const. 

In the state of stress described by (4) we have again a linear stress 

distribution law as we had it in bending; in fact, we can write (4) in the 
form 
(4a) T = — Tmax where Tmax = pad. 
In this simplest case of torsion the planeness of the cross-sections is strictly 
preserved, as already anticipated in the assumption s, = 0 in (2). We 
have previously seen that this is not true in bending; in torsion it is only 
correct if the cross-section is circular, as we shall see. 

We now prove that our system of stresses is in agreement with the 
boundary conditions of the problem. This is obviously true for the curved 
surface of the rod, r = a, which must be free of stress. There ought to be 


Orr = Ory = 6, = 0, 


which, according to (4), is in fact fulfilled. Across the base the condition 
of vanishing stress must be replaced by the condition of vanishing dis- 
placements. This is satisfied by (2), if « = 0. For the free end cross- 
section we should at least stipulate as a necessary condition that 


(5) M = if soils 


where M is the moment of the forces P that produce the torsion (ef. Fig. 
71). By (4a) this may be rewritten in the following form: 


(Ba) M = t= [af = ™ 5, = poly, _ 


NIA 


where J, stands for the polar moment of inertia of the cross-section which _ 
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in the case of a circular area is twice the equatorial moment of inertia 
given in (41.6). 

Strictly speaking, this is not a sufficient condition. The external moment 
M should not only be equal to the total moment of the shear forces about 
the axis of the rod, but the distribution of M over the cross-section should 
be point by point identical with the distribution of rdf. The couple M = 
Pd as it appears in the figure obviously does not satisfy this condition. 
This difficulty is again taken care of by the Saint-Venant principle (see 
p. 300), according to which the local disturbance of equilibrium produced 
by the dissimilarity between the actual and the theoretical load is limited 
to the proximity of the end face and does not influence the elastic equilib- 
rium anywhere else in the rod. 

To be on the safe side we would have to show that the differential 
equations of elasticity, which the displacements must obey, are satisfied 
by our special solution (2). These relations written in Cartesian displace- 
ment components are given by Eqs. (9.18); in their place we should have 
to use Eqs. (9.20) which refer to general orthogonal coordinates. A glance 
at the quantities 0 and P; that appear in these equations shows that in 
our case 


6 = 0, P, = —ar, P, = 0, Pear: 


This is easily checked with the aid of Eqs. (9.20a), and it follows imme- 
diately that Eqs. (9.20) are satisfied (F is of course equal to zero). 

We have now to study in greater detail Eq. (5a) which determines the 
only remaining unknown in our problem, viz. the angular torsion per 
unit of rod length. We may as well determine the total torsion angle of 
the rod which becomes according to (1) 


¢g: = al, where | = length of rod. 


From (5a) we obtain 
8 coment 


This equation is quite evident as regards the proportionality with the 
torsion moment M and the length / and also as to the inverse propor- 
tionality with the torsion modulus yw. More important is what Eq. (6) 
says about the dependence on the dimensions of the cross-section. This 
expresses itself in the factor /, of the denominator. Note, however, that 
the dependence on the polar moment J, that occurs here does not hold 
for arbitrary cross-sections, like the moment J in the bending problem; 
if the cross-section is not a circle this dependence is by no means expressible 
through the polar moment J, . This applies e.g. to the elliptic cross- 
section as will be seen below. 
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For cross-sections of unspecified shape we have no preferred coordinate 
system, such as the cylindrical polar coordinates in the previous case, 
and we must take recourse to Cartesian coordinates and displacements 
x, y, 2; &, , ¢, the equilibrium conditions now being given by Eq. (9.18) 
with F = 0. 

In general we shall now have to admit the possibility of warping of 
the cross-section. Taking the axis of the rod as x-axis, there is then no 
longer = 0 [corresponding to the previous s, = 0 in (2)]. As a consequence 
of the prismatic shape of the rod we may, however, assume that the 
warping is independent of the location of the cross-section, that is to say, 
the warping function ~ is independent of the x-coordinate: 


(7) > $=6G,0, +29) 


We further assume that the deformation, as in the case of the circular 
cross-section, is free of dilatation. This would mean © = 0; let us, however, 
introduce the more restricted conditions 


(8) 
and finally assume that, similarly to e,, = 0 in Eq. (3), 


ee On Ow 
(9) 2€,2 oan Oz ay = 0. 
These various assumptions will have to be justified in the course of our 
investigation. 
By (7) and (8), the differential equations (9.18) take the following 
simple form 


a”. oO" 
ay t og = 9 
dn , on 

10 coe 
eae once 
da” * by? 0. 


The first of these equations states that the warping function £ introduced 
in (7) satisfies the two-dimensional potential equation. 


(11) V's = 0, 
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The two remaining equations (10) can be fulfilled together with (8) if 
n and ¢ are taken as bilinear functions as follows: 


Wp = Do + biz -+ bo + Gate; 
(12) 
6 = Co + e,% + coy + cary. 


According to (9), the following relation must hold for the constants b and 
c identically in z: 


be + bgt + co + esx = 0; 


or 
(13) D3 =" ae Con; bs = Shin 9 


As in Fig. 71, the base of the rod is kept fixed, in the sense that lateral 
displacements are excluded. For « = 0 we have therefore identically in y 
and z 

by +- 6.2 = 0, CO + cy = 0, 


or 
(13a) bo = = be = Ch, = 0. 


If we finally wish to retain the right angle between z-axis and end face, 
we have for x = 0 
an ag 


oa a = =S=e, = 0. 


(13b) Ss 


Because of (13) and (13a, b) the Eqs. (12) take the form 
(14) n= —omz, ¢ = +axy 


where a has been written instead of c; . 

The elastic differential equations and the boundary conditions at the 
end face are certainly satisfied by the assumptions about &, 7, ¢, expressed 
in (7), (11), and (14), but the question remains whether the boundary 
conditions for the curved surface of the rod can be satisfied in this way. If 
n denotes the normal at a point P of the curved surface and s the direc- 
tion tangential to the contour of the cross-section at P, the conditions are 


(15) on = 0 and Gn, = 0. 


The first of these equations can certainly be satisfied: We may draw the 
y-axis which so far has not been fixed parallel to n so that the z-axis 
becomes parallel to s and o,, coincides with o,, at the point P. But since 
é,, = 0 by (9), it follows that o,, vanishes also at P. This argument can 
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obviously be applied to each point P of the curved surface. As to the 
second condition (15), we base our argument, on the general tensor relation 
(8.5) which becomes in our case 


(16) Onze = BiSyr + Y10e2 = ZH(Br€ye + 16:2) 


a , dn ae at!) 
(a2 ate a te wit =e aay 
Here 8, and y, are the cosines of angles between the n direction and the 


y and z directions respectively. If s is oriented in such a way that the 
sense of rotation s — n coincides with y — z, we have 


Bi: = cos (n, y) = — cos (¢,2) = —&, 

(17) 
dy 
v1 = cos (n,z) = + cos, y) = ae 


Using (16), (17), (7), and (14) the second condition (15) can be written 
in the following form: 


(18) =— (2 = 22) dz + & + ay) dy. 


This equation must be satisfied at each point of the contour. It can be 
simplified by introducing the conjugate of the potential function ® (corre- 
sponding to the stream function in hydrodynamics), which is connected 
with ® by the Cauchy-Riemann equations (19.5). In our present co- 
ordinates (y, 2 instead of x, y) we have therefore 


Ce) AX aw 


oe) dy oe? d2 dy 


Eq. (18) thus transforms into 


ov ov 
(2 — az) de + (& - ay) dy =0, 


or 
dv = aly dy + zdz) = 5 dy? + 2’) 
or, integrated, 


(19) v= a +2)+C.--- (boundary condition). 
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The conjugate potential W satisfies also the differential Eq. (11): 
(19a) VY = 0. 


By (19) and (19a) the potential function WV is uniquely determined being 
the (always existing) solution of a simple potential problem. We have 
therefore proved that our boundary condition (18) can be fulfilled. At the 
same time the special assumptions made in (8), (9), and (12) have been 
justified. 

Let us now consider once more the circular cross-section. The contour 
is given by y’ + 2” = a’, the origin coinciding with the center of the circle. 
Eq. (19) becomes therefore 


Vv = const. 


along the contour and, according to (19a), also in the interior. From 
(18a) we have then 


@ = Const and by (7) — = Const. 


which means: the cross-sections remain plane. Conversely, if, for a certain 
shape of the cross-section, £ vanishes along the rod, we have © = 0 by 
(7) and therefore ¥ = const by (18a). From (19) the contour is obtained 
in the form y° + 2 = const: The cross-section is circular. 

Take now as a less trivial example the elliptical cross-section, the 
contour of which may be given as 


(20) at+g= 
Since the general solution of (19a) is 
WwW = Re f(y + 22), (Re = real part of) 
we shall assume f as the second power of the argument y + 2z so that 
(21) v= Aly’ — 2”). 
Along the contour we have according to (19) 
Ay —2)=S5U +2) +0. 


On substituting 2? from (20), an identity in y results from which A follows 
as 


a 
(21a) A = Seis - 
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From (18a) and (21) we can now calculate 


and obtain the shear stresses according to (7) and (14): 


OD on). | @aea, )= - aa” 
(22 + 2) = wal + ae = ss Tigi 


Oxy = QMery 
(22) Be b? b? 
ieceneea: 2 iP =e ) je 

oo = Den, = 2% 4 3) ea i i Vy iar rn 


The shear stress 7 resulting from o,, and o,, is at any point of the 
cross-section parallel to the tangent that passes through the intersection 
point of the contour with the prolonged radius vector. Along the radius 
vector, + follows a linear law. The moment of the shear stresses about 
the z-axis results from (22) in the form of the following formula which is 
a generalization of our previous formula (5): 


(23) | Me i (Yor. — 20ry) dy dz = on ‘al (b°y? + az”) dy dz. 


If the integration is carried out one obtains instead of the factor J, , 
which appears in (5a) as the coefficient of ua, the expression 


(24) i see 


which is not equal to the polar moment of inertia of the area of an ellipse 
(ef. problem VIII.4). 

The simultaneous consideration of the potential function ® and the 
stream function Y suggests a hydrodynamic analogy which has proved 
useful in the approximate solution of more complicated problems such 
as the torsion of an J-beam. 


43, Torsion and Bending of a Helical Spring 


Imagine a coil consisting of a single layer of thin wire wound on a 
circular cylinder. On removing the mandrel, we obtain a helical spring 
which we fasten at one end in some way, loading the other end with 
a disk, the weight of which is supposed to be small enough so that the 
resulting pitch of the spring is small compared to the radius of the cylinder. 
If we now put additional weight on the disk so as to have a small load 
acting along the axis of the spring, this will result in a slightly increased 
pitch and a corresponding lengthening of the spring. This kind of loading 
ws accompanied by a torsion of the wire. If, on the other hand, a couple 
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acts on the disk (e.g., when the disk is turned in its own plane) the pitch 
remains essentially unchanged and the spring yields to the torque by a 
slight diminution of the cylinder radius. In this case the wire is bent. 

Both facts seem paradoxical at first, but can be easily clarified: In 
torsion the individual cross-sections of the wire are loaded by a torque 
about the polar axis while in bending the moment acts about an equatorial 
axis, that is an axis in the plane of the cross-section. With this in mind 
let us examine in Figs. 72a and 72b what happens in the planes that pass 
in either case through the cylinder axis and the cross-sections marked in 
the respective figures. The load P acting along the cylinder axis in Fig. 
72a has the moment PR about the center of the cross-section; we call it 


tk 1A 
i | 
' \ 
Fia. 72a, b. A helical spring subject (a) : 
I 
i ' 


to torsion (force P, vertical displacement 
y) and (6) to bending (moment QR, rota- 


tional displacement z). Q/ ' o 
C5 EZ 4 

Np x 
a b 


the torsional moment My, since its axial vector is normal to the cross- 
section. In Fig. 72b the couple QR acts upon the disk whose diameter 
has been assumed as 2F so that the two single forces of the couple can be 
denoted by Q/2. This moment has the character of a bending moment M, 
since its axial vector coincides with the cylinder axis and can be trans- 
ferred parallel to itself to the center of the marked cross-section. We 
denote its position by NN indicating in this way that it coincides with 
the trace of the neutral layer in the bent cross-section. In the loading 
according to Fig. 72a there will be shear stresses in the plane of the cross- 
section; they increase proportionally to the distance from the wire axis 
and will be denoted by 7 as in the previous article. We have therefore 


(1) [oreaf = Mr. 


In the loading according to Fig. 72b normal stresses o act upon the cross- 
section. They are proportional to the distance y from the equatorial axis 
NN. Again we have 


(2) [vo af = Me. 
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Eqs. (1) and (2) may be evaluated according to (42.4a) and (42.5a), or 
(41-5): 


(3) a J,= My, _ respectively a eS oe 


Apart from the maximum stresses Tmax 20d Omax We Should like to know 
the displacement of the spring in vertical direction y and horizontal 
direction x for the two respective kinds of loading. For this purpose we 
should have to know the shape of the elastic line of an originally curved 
rod in torsion and bending. There is, however, a simpler way to answer 
our question when use is made of the energy principle: one calculates the 
work of deformation expended in the torsion or bending of the spring 
and compares it with the work of the external forces P or Q. This, by the 
way, is a welcome opportunity to come back to the topic of energy of 
deformation which is highly important in engineering applications.” 

So far we have only derived the general expression (9.26b) for the 
energy of deformation. In the case of pure shear, where 


Oo) = What = US €j9 == €27, > Qu’ 


or in the case of pure extension and compression (bending), where 


o 

abl Se tap iy = E ’ 

(9.26b) reduces to 
il 17 
(4) We= 9 (o12€12 ae O21€21) —S op 
or to 
1 Ieee 

(5) W = 9 ouen =a 


respectively. These expressions refer to the unit volume and must be 
applied in the case of locally variable stresses to each single volume element 
df ds, where df is the area element of the cross section and ds the length 
element of the axis of the rod. Thus we obtain from (4) in the case of 
torsion 


1? r 
6 SSS SS exces os 
(6) dW ce df ds, 7 = 7 Tmax from (42.4). 


*In all statically indeterminate systems, in particular in the theory of trusses, Casti- 
gliano’s theorems about the minimum of the energy of deformation play an important 
role, and so does Mazwell’s theorem of the reciprocity of the displacements. 
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Integration over the cross-section yields 


5. Eas r max 
(6a) [aw = [r af ds = 5255 J, ds, 
and, by (3), 
(6b) ‘| dw = os sed 


The entire torsional energy W, follows by integration over the length 1 
of the rod (in our case the length of the spring): 


7 Ei 
—_— ee — 
@) ee 2pd > 7 2ud > 


Likewise one obtains in the case of bending from (5) 
(8) ay — le df ds gms according to (41.2) 
Oy E 3 a max s 2 


and by integratien over the cross-section 


oa a 
i — = Omax 
(8a) [aw = as [vy df de = Sa ms, T ds. 


The entire bending energy contained in the spring is obtained from (8a) 
and (3) as 


Met TNE’ | 
QE 2EI * 


(9) We = 


Expressions (7) and (9) represent the energy intake of the spring in an 
elastic deformation in which the spring passes through a sequence of 
states of equilibrium. It must be compared with the mechanical work 
performed along the paths y (or x) when the load P (or the couple QR) 
increases gradually from zero to its final value. The work is therefore 

_ 9 Q/2)a _ Qe 
W, =2 5S 5 


(10) We= “a ; respectively 


Comparison with (7) and (9) gives 


3 Rl Rl 
(11) ae 


We 


Thus the use of the energy principle leads indeed to a very simple de- 
termination of the displacements x and y. Note that Eqs. (11) can also 
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be obtained from the first principle of Castigliano in the following way: 


Sal mel 
ype ie a 


From these equations we can easily pass to the free oscillations of the 
spring when we replace P and Q by the inertia forces 
d’y da 
ae’ Q = ieee ae 
Here the masses M and M,,., have to be given the appropriate physical 
meaning. M is essentially the mass M, of the disk that oscillates up and 
down, but since the mass m of the spring partakes also in the oscillation, 
(its lower portion more strongly than its upper one) a fraction of this mass 
must be added as a correction to the mass of the disk. According to Lord 
Rayleigh this fraction is 4, hence M is to be interpreted as M, + m/3. 
On the other hand, the inertia force governing the oscillations about the 
cylinder axis is —®@ d’y/dt’, where ¢ = x/R is the angular displacement 
of the disk according to the meaning of x in Fig. 72b. Again 9 is essentially 
the moment of inertia ©) of the disk augmented by § of the moment of 
inertia of the coil mR’. Consequently M,.4 is to be defined as 


(11a) Ws Q) =Wr+Ws , 


(12) P=-M 


M veal” =@90= Oo +5 mR. 
The equations of the free torsional and bending oscillations are ac- 
cording to (12) and (11) 


Jy Jie de. EI 
Pre ii Ur 


(13) 2 = 0 


and the associated circular frequencies 


_ | He 2 | a 
(14) Oa MR? ’ Mreak?1 


In general they are different from each other.’ If they are equal, the two 


The rule (11a) presupposes that y, x and P, Q are linearly connected so that 
W(P, Q) is a quadratic expression in P and Q as in (7) and (9). In the general case one 
would have to replace W by the “modified” expression for the energy U(P, Q) = yP + 
tQ — Wiz, y). Cf. about this transformation Vol. I. 42.7 and E. L. Ince, Ordinary 
Differential Equations, Dover Publ., New York, 1944, Chapter 2.5 (Legendre’s trans- 
formation). 

uThis can be enforced in an actual experiment by loading the spring with an addi- 
tional weight that acts along its axis and has a small moment of inertia about it (cf. 
Vol. I, Fig. 37). Thus the mass M that takes part in the torsional oscillation is in- 


creased and the frequency wr reduced. Mrea and wg remain essentially unchanged, 
however. 
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oscillations are in resonance and the behavior of the spring becomes very 
sensitive to small changes of the parameters involved. Then the present 
theory is no longer sufficient: we have to take into account that the two 
modes of oscillation are coupled through the finite pitch of the spring 
which so far has been neglected. 

For finite pitch h the slope a of the helix is given by 


gee 
Oo ORR * 
This is also the angle of inclination that the cross-section of the wire 


forms with the vertical. The two loading moments PR and QR may then 
be decomposed as follows: 


| normal to the cross-section parallel to the cross-section 
Phi cos a-PR — sin a:-PR 
QR sin a-QR cos a QR 


The contributions to the torsional moment are on the left side, those to 
the bending moment on the right side, therefore 


M, = cosaPR + sin aQR, M, = cos aQR — sin aPR. 
The total bending energy becomes 


M7 ts M35l 
QpJ, 2ET 


W=W,t+We = 


(15a) 


Re (i aP + sin aQ)” in (cos aQ — sin fy) 
_ 2 pd» EI , 


and the displacements can be determined according to the rule (11a): 


ee  — Et (cos! aP + sin a cos ad) 


an 1 (— sin a cos aQ + sin aP), 


(15b) 
—— “laa am (sin a cos aP es sin’ aQ) 


0Q) 


+e + (cos aQ — sina cosaP). 
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These equations now replace Eqs. (11). Upon replacing the inertia forces 
(12) by P and Q, one obtains the following system of equations which 
describes the coupled oscillations of the spring: 


2 2 
(16) FY + ably — ka) =0, Ga -+ob(e — hy) = 0 


where wr , &z , i and h are 


(16a) o> = ah (1 + vsin’ a), _ Vi whe (1 + » cos a), 
ysin a COS a y sina COS a 
(16b) k= pee ~ 1+ 7 cos’ a 


and v is Poisson’s ratio. The coupling coefficients k and h vanish if a = 0 
so that the frequencies w; and wz reassume the previous values (14) and 
Eqs. (16) become identical with Eqs. (18).”” 

The further discussion of Eq. (16) is no longer a problem of theory of 
elasticity. For the case of resonance, wr = wz , the behavior of the spring 
has already been described in Vol. I 20: the energy passes back and forth 
between the originally excited mode and the mode that is excited conse- 
quential to it, to the extent that the two modes are alternately extin- 
guished. The beat period N expressed in time units of single oscillations 
can be very accurately determined by counting the number of oscillations 
in a beat. It becomes a maximum in the case of resonance. The large 
number N,,,.x and the small angle a permit a precise determination’ of 
Poisson’s ratio v, as shown by the author. 

The resonance phenomena discussed here have first been described 
and explained by Wilberforce,"* but his determination of Poisson’s ratio is 
founded on the relations (14) rather than on the more elegant resonance 
method. 


44, The Elastic Energy Content of a Rectangular Parallelepiped 


In 14 we have studied elastic waves in an infinitely extended isotropic 
solid; in the following two articles we shall discuss the elastic oscillations 
in finite bodies, dealing first with a rectangular parallelepiped with sides 
a, b,c. Let us assume that the faces which are situated at x = 0, a; y = 0, b; 


2~In comparing the values of wz in (16a) and (14), use relation Jp = 21 for circular 
cross-sections and relation (9.11), ZH = 2u(1 +'v), which has already been used in the 
transition from (15) to (16). 

Wiillner-Festschrift, Teubner, Leipzig 1905, p. 162. 

“Phil. Mag. 38 (1894) 386. 
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z = 0, c, are free, in which case we must stipulate that the corresponding 
normal and shear stresses vanish. The oscillations possible under these con- 
ditions are called the proper oscillations of the body; they are executed 
without any exchange of energy with the surroundings. 

The problem as it has just been outlined presents great mathematical 
difficulties."° A particular case of the general problem, the vibrations of 
a rectangular plate, has withstood all attempts at a rigorous solution 
although Chladni’s beautiful figures have been known for 150 years and 
are still a challenge for the best mathematicians. The most successful 
step so far was taken by Ritz;’° it does not, however, give a direct solution 
of the differential equations with their boundary conditions, but estab- 
lishes a minimum principle by which a stepwise approximation of the 
solution becomes feasible. 

It is, however, possible to prevent the exchange of energy with the 
surroundings by other sets of boundary conditions. Consider the work 
performed per unit of z-surface in the displacement with components 


Sans: 
(1) 5A = Geek + ouyn + ask. 


It is not only zero if 


(2) Ga o., = 6... = 0 (surface free of stress) 
or if 

(2a) oe (surface kept immovable), 
but also if for example 

(3) £=0, ow =o, =0 

or 

(3a) G2 — 9; n= f= 0. 


The assumption of mixed boundary conditions as in (3) or (3a) makes an 
elementary treatment of our problem possible as C. Somigliana’’ showed 
in 1902 for the case of static loading; they are, on the other hand, equiva- 


16The special case of the cube which is usually studied in similar problems of electro- 
magnetic radiation is essentially not simpler than the more general case considered here. 
One can see that from the final result of Eq. (23), which refers only to the size of the 
body V, but not to its shape. 

16W. Ritz, Theorie der Transversalschwingungen einer quadratischen Platte mit 
freien Randern, Ann. Physik 28 (1909) 737. The circular plate can be directly inte- 
grated, as was shown by Kirchhoff. 

178ee the comprehensive article of O. Tedone in Encykl. d. Mathem. Wiss. Vol. IV, 
4, Art. 25, No. 2. 
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lent to the uniform conditions (2) or (2a) as regards the physical applica- 
tions which we have in mind. 

We therefore base our calculation on the boundary conditions (3) 
and the corresponding conditions for y and z-surfaces, obtained from (3) 
by rotating the letters. Since the first Eq. (3) implies 


oS a 2a, = 5, on = 


(oO 
e cme. _ 
é=0, ac. © for a ; 
a 
° 0 
a OG ge a 
(4) 7 = 0; i oe for v=" ? 
0 
_ Of _ On _ = 
¢ = 0, a ee for eye 


Our differential equations are the Eqs. (14.1b) which because of F = 0 
now read 


ce: ae a0 

Pap = PVE Tet) ee 

; an 2 00 

(5) pap —eVatOtHa, 
Ge ate 00 

pap tev +At+HS. 


Eqs. (4) can be satisfied by the following set of expressions for £, 7, ¢: 


. ANZ br (TZ _; 
E = Asin cog 74 cog “oP 
a b c 
arx . br Ne 35 
(6) n = B cos sin 2 cog  ¢ a 
a b c 
ara bry . (Cre -; 
c¢=C cos ~ cos F* sin er | 
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where a, 6, ¢ are arbitrary integer numbers. A, B, C are constants whose 
ratios are to be determined; also the circular frequency w» must be found. 

On introducing the expressions (6) in (5), there appear, in each of the 
three terms of the equations (5), the same trigonometrical factors as in 
é, 7, ¢. One has for instance 


2 


24 . 
pa = —pw Asin +++ COs +++ COS +++ 5 
a roa : 
V'E = =4(S; 4% s+ Sh sin *** COS -** COS °«* Guar. 
08 —to 
20 _ (A f+B%+¢ 80)? in « COS +++ cos s++@°*” 


On omission of these factors, the differential equations (5) give the fol- 
lowing linear system of equations for A, B, C 


A(a + % a +C0 © = 0, 
(7) y lip wee Boh = 0, 


oa | p ch se) = 
a ey +o(a+ © oa 


Here © is defined by 


pw a bh? rial 
(7a) A+ w2=u-T, Riad pat 
The linear equations (7) have solutions different from zero only, if the 
determinant 
aa ab ac 

op a ab’ ac 

ba bb be 
(8) ae ba ’ So an be si 

ca cb cc 

ca’ cb? cae! 


On expanding (8) in powers of &, one sees easily that the factors of 9° 
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and 2' vanish while those of Q’ and ° are s and 1. Eq. (8) can thus be 
rewritten in the form 


(9) QF + 8s? = 'OQ+ 8) = 0, 
an equation that has the double root Q, = 9, = O and the simple root 
Q, = —s. From (7a) we obtain the corresponding frequency values 
; A+ 2 
(10) Or = Ww <1, Ws eras 


The ratios A : B : C associated with these values of w are found from (7) 
so that the set (6) has now been determined except for a common amplitude 
factor. Further arbitrary elements are the numbers 4, }, c. 

What is the physical meaning of this arbitrariness? By the numbers 
a, 6, ¢ the sides a, b, c are subdivided into segments which must be in- 
terpreted as wave lengths: 


(11) Ne = 


They just fit the boundaries of the parallelepiped. The associated wave num- 
bers are 


Qr 


Wee ce hy = = Ont, a= 


(11a) n= = 


With a view to Eqs. (6) and to Eqs. (11) we can write 


(12) g=Asinn oe", =o =0, 
if we consider a particular solution depending on « only. Eq. (12) repre- 
sents a standing wave which has the boundaries x = 0 and x = a = aa, 
as nodal surfaces. Altogether, the Eqs. (6) represent the entirety of stand- 
ing waves that can be accommodated by the parallelepiped. Unlike the 
example (12), however, they are in general not plane waves but are com- 
posed of waves in the three directions of the edges according to the partic- 
ular rule set by Eqs. (6). 

The structure of Eqs. (10) teaches further that the waves are partly 
of transverse, partly of longitudinal nature. According to Eqs. (14.6) and 


(14.3) we have 
Ctrans = Jé , Clone = A+ 2u 
p p 


where NOW Crrans ANd Cio,, Stand for the previous notations b and a for 
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the sound velocities. If we further introduce a wave number k, , resulting 
from the three wave numbers k, , k, , k. , by 


ke = V2 +k? + k?, 


we obtain from (11a) and (7a) 


(13) ke = 25 atpt gto vs. 
Eqs. (10) are then simply 

IL 1 
(14) (SS (iby SS 3 Ctrans k, ) Os = cious kK: . 


The fact that the transverse waves are counted twice points to the physical 
possibility of polarization in two mutually orthogonal directions. 

We have thus found a system of infinitely many elastic waves which 
can be excited in an adiabatically insulated parallelepiped. The system is 
complete, that is, the only standing waves that obey our boundary condi- 
tions are those of the system (6). The proof of completeness consists in 
showing that an arbitrarily given initial state can be expanded in terms 
of the functions (6) fort = 0." 

Let us now determine the number z of all waves whose frequency is 
smaller than a given y = w/2z7, which can be done by geometrical reasoning. 
We first count the longitudinal waves. 

By marking in the rectangular system k, , k, , k, all points that belong 
to integer values a, b, c, we obtain a three-dimensional orthorhombic 
lattice, whose elementary cell has according to (11a) the sides 

Qe ee 


oo Th c 
Consider now the lattice points inside the spherical surface k, = const, 
which corresponds to the frequency v. According to (14) the radius of the 
sphere k, = 4v/Ciong . Because of a, b, c 2 0, we are only interested in 
the lattice points that lie in the positive octant, whose volume is 


dn ke 4x (2m 
3 8 3 : 


C long 


1%Cf. for such a proof and for a generalization to anisotropic bodies: R. Ortvay, 
Ann. Physik. 42 (1913), 745. A treatment of the problem from the point of view of 
group theory was presented by H. Wierzejewski in his Breslau thesis suggested by 
E. Fues: Elastische Eigenschwingungen von Kristallen bei gemischten Randbedingungen, 
Z. f. Kristallographie, Vol. 101, 1939. 
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On dividing by the volume of the elementary cell 


(2m) 


(15) ae, 


we obtain the number of elementary cells or the number of lattice points 
in the spherical octant which, at the same time, is the number of longi- 
tudinal waves with frequencies below »: 


An abev’ 
3 Clone 


In exactly the same way one has for either state of polarization of the 
transversal waves 


(16) § long — 


An aber . 
3 Cortes ° 


-(16a) gtrans = 


thus the total number of vibrational states below v becomes 


(16b) 3 = Zions + Qjtranes = = aber" 32 + =), 

The number 3 just obtained is accurate except for an error which is due 
to the fact that the spherical surface and the boundaries of the enclosed 
elementary cells do not coincide. The error is of the order of magnitude 
1/abc [cf. (15)] and thus negligible for a large parallelepiped. By differ- 
entiating (16b) with respect to » we can now determine the number of 
vibrational states between v and v + dbp: 


(17) ae anV(x2 nae \ dy 
Ctrans Clone 
where V is the volume abc of the parallelepiped. 

We are now ready to attack the problem which we formulated at 
the outset. We want to calculate the energy content of the adiabatically 
insulated solid body, which, according to the definition in the older literature, 
is identical with the vibrational energy of its molecules. It is preferable, 
however, to follow Debye’® who defines the energy content as that of 


1P. Debye, Ann. Physik., 39 (1912) 789. In this fundamental paper Debye caleu- 
lates the proper vibrations of a sufficiently large sphere, the surface of which is considered 
free of stresses, that is, he uses the boundary conditions corresponding to our equations 
(2). As the circular shape is the only case in which the plate problem can be directly 
integrated (cf. footnote, p. 315), so the sphere is the only elastic three-dimensional 
problem whose integration leads in the case of “uniform boundary conditions” to 
known functions (Bessel functions). But even in this case the solution is very involved 
and becomes only possible by the use of asymptotic approximations of Bessel functions 
for large argument and index that are due to Debye. The simplification that can be 
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the energy of the elastic vibrations of the body. The molecules are strongly 
coupled, hence it is impossible to excite oscillations of individual mole- 
cules; on the other hand, the waves considered in (6) are independent 
from each other and satisfy individually the differential equations of the 
elastic body. 

Each of these vibrational states may therefore be quantized indi- 
vidually according to the quantum rules first established by Planck in 
the discovery of his radiation law: 


(n = integer number 
(18) €, = nhy 
(h = Planck’s constant 


The quantum rules.are here applied without further explanation; they will 
be discussed in Vol. V. Also the refinement of the rules due to modern 
quantum mechanics according to which the integer number n in (18) 
should be replaced by n + 3 is here disregarded as irrelevant for our 
purpose. 

In addition, we require for the following the Boltzmann factor which 
was introduced in (7.15c), though without proof. In the present case the 
Boltzmann factor has this physical meaning: Given JN oscillating systems 
in thermodynamical equilibrium at the temperature T, the number JN, of 
those systems whose energy equals e, is then 


(19) N, =A exp (= &.) — Aa", a= exp (— wr); 


the constant A can be determined, when the total number WN of all oscil- 
lating systems is written as the sum of the JN, : 


A 


1-—a’ 


(20) N=) N,= Ad +atad+--) = 


In our case, N is to be identified with the (large!) number a; from (17). 
We then obtain for A 


(20a) A = (1 — a)dj. 


achieved by ‘‘mixed boundary conditions” was first stated by the author in a course on 
quantum theory in 1912 and then left to Mr. Ortvay for further development and pub- 
lication (cf. the preceding footnote). It should be noticed that Debye had to take the 
radius of the sphere sufficiently large to enforce independence of the distribution of the 
eigenfunctions from the shape of the body. For the same reason the dimensions of the 
parallelepiped in the present case must be sufficiently large as was already assumed in 
the text preceding Eq. (17) in order to make the ‘‘surface error” negligibly small. 
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Let us denote by dU that fraction of the total energy U which is con- 
tained in these d3 oscillations. According to (19) and (20a), one has 


(21) dU = >> Nye, = Ahly D> no” = (1 — a)hv dy D720". 

n=0 n=0 
The series occurring here can be summed easily (by differentiating the 
geometrical series in (20) with respect to a), and equals a/(1 — a)”. Eq. 
(21) yields together with the definition of a in (19) 


a 
(22) au = hy ae dj = 


The denominator in this formula will reoccur in Planck’s radiation law 
and, in a more general way, in the discussion of the Bose statistics in 


Vol. V. 
We now substitute for d3 according to (17) and integrate over v from 
vy = 0 up to an upper limit », : 


Vg 3 
(23) P= Vigo) | ee 


3 
Ctrans Clong 


Our first task is the determination of the limit », , which we find according 
to Debye by identifying the total number 3, of oscillations with fre- 
quencies smaller than v, with the number of degrees of freedom of the body. 
Since a single mass point has three degrees of freedom the number in 
question equals three times the number of molecules. If in particular the 
body is one mole of a uniform substance, the number of molecules, ac- 
cording to p. 53, is Loschmidt’s number L. The number 3, thus equals 
3L. From Eq. (16b) we then obtain for the determination of the upper 
limit v, the relation 


(24) 3b = an ones + : ), 


3 
3 Ctrans Clong 


where the molar volume V,,,, has been written instead of abc. This equa- 
tion that defines », may also be used to simplify (23) which now takes 
the form 


(25) Oana = Saar 
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With the abbreviations 


hy hy, 9 _h 
co Spe ee Pe ES 
we obtain finally 

3 
(27) ee =o PED 
BO vo ev — 1 


The quantity © here introduced is known as Debye’s characteristic tem- 
perature; for hard materials such as diamond and quartz it is approxi- 
mately 100° K, for soft metals it amounts only to a few degrees. By and 
large, Eq. (27) is a good representation of the large number of data col- 
lected by Nernst and his co-workers. One can, of course, not expect that 
such details as depend on the specific structure of the crystal or the mole- 
cule should be covered by the general theory here developed. 

We examine now Eq. (27) in the case of T >> 0. This makes the upper 
limit « < 1, and the same is true for the integration variable y. Expanding 
the denominator 


ea | -1+4..-), 


we obtain for the integral in (27) with sufficient accuracy 


From this we infer 
(28) Ono = 38RT, 
where the gas constant per mole, A, has been written for kL according 


to Eq. (7.15b). 
Relation (28) contains the law of Dulong-Petit, since 


(29) Cont = “aE! = BR & 6 cal, 


where Cmo: denotes the specific heat per mole of the substance. Eq. (29) 
should be universally valid for all solids as an asymptotic law for high 
temperatures, provided one can disregard the relative vibrations of the 
components of the individual molecule. This restriction is necessary, since 
in counting the degrees of freedom we have assumed rigid molecules and 
disregarded the possible internal degrees of freedom. In fact, the rule of 
Dulong and Petit is particularly well satisfied for monatomic metals where 
the restriction is irrelevant. (In this case, c,.: 18 the gram atomic heat 


capacity). 
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The converse case, 7 < 6, presents greater physical interest. The 
integral in (27) has now a very large upper limit (x > 1) and can be ap- 
proximated by 


ey 3 —y¥ ry 
(30) i —— dy _— i ye "(1 +. e* + er +. ae -) dy 


Upon interchanging the order of summation and integration and intro- 
ducing z = ny in the n™ integral, one obtains instead of ee 


(30a) De eh ‘ed = 31 Dae 150: 


(The summation formula }>°_, n™* = 1*/90 will be derived in Vol. VI in 
the chapter on Fourier series.) 
With the use of the results (80) and (30a), Eq. (27) can be rewritten as 


3x* RT* 
(31) Usa aa 5 fat ? 
and differentiation with respect to T yields 
. 12 4 3 
(32) Cmot = ee (Z) ; 


This is Debye’s third power law for the molar specific heat of a solid body at 
low temperature. 

Fig. 73 represents the general dependence of the specific heat on the 
temperature, as it is obtained by differentiation of Debye’s equation (27); 
it also shows the two asymptotic laws for large 7, i.e. the horizontal 
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Fria. 73. The specific heat per mole of a solid according to Debye, cf. Eq. (26) for 
the meaning of 6 
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straight line of the Dulong-Petit law, and for small 7 the T°-parabola of 
Debye. The latter law is a useful approximation only for extremely small 
values of 7. Furthermore, there is a general deviation from this law in 
the proximity of absolute zero for metallic substances, which is caused by 
the degrees of freedom of the conduction electrons in this temperature 
region. 

We do not want to leave this topic without mentioning the results 
that are obtained in the corresponding electromagnetic problem. In that 
case we are concerned with the energy confined within a cavity con- 
taining electromagnetic radiation but entirely devoid of matter. The 
free oscillations of such a cavity can be described and counted in a fashion 
similar to the case of the elastic parallelepiped. (Actually, the electro- 
magnetic case is much simpler.) Methods to deal with this problem have 
been developed by Lord Rayleigh and Jeans, including the procedure of 
counting lattice points. These investigations have served as a pattern for 
the elastic theory developed in this article. In the electromagnetic case 
the result is equivalent to our Eq. (23) with the following simplifications: 

1. Longitudinal waves do not occur in the electromagnetic field, so 
that the term 1/c’:.., does not occur. 

2. Transverse waves travel with the velocity of light c; hence the term 
2/c rane 8 Simply 2/c*. 

3. The number of degrees of freedom of the electromagnetic field is, 
as far as we know, unlimited (at least, it is not restricted by a molecular 
structure); v, becomes thus infinitely large. 

4. The energy content per unit of volume (energy density) is obtained, 
if V = 1 in (23). In this case, one usually writes u instead of U and obtains 
from (23) 


(33) usm 


Using again the substitution (26), and the formulas (30) and (80a), one 
has 


~ 15¢* h? 


Sah 1 tei S Sr k* a 

es) Se a 

This is the law for the black body or cavity radiation in the definitive 
form due to Planck. The T’-radiation law of Stefan and Boltzmann has the 
same physical origin as Debye’s T*-law for the energy content of a solid and 
Debye’s T°-law for the specific heat of a solid near absolute zero. 
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45. The Surface Waves of the Elastic Half-Space. 


We consider a homogeneous elastic solid having a plane boundary 
y = 0 and extending to infinity throughout the half-space y > 0, and 
want to study the simplest types of waves that can be propagated in the 
half-space. Along the boundary plane it is assumed that 


(1) Oyy = Gye = Fyz = 0; 


then y = 0 is a stress-free boundary, as it would be if vacuum (or air) 
were on the other side. 


A. Reflection of a Plane Transverse Spatial Wave 


In the discussion of three-dimensional waves in 14 we distinguished 
between transverse and longitudinal waves; in the first case, the dis- 
placement vector is solenoidal (free of sources and sinks) and in the second 
case irrotational (cf. 20). Also the terms torsional and compressional 
waves are in use (cf. 14). The present discussion is restricted to the simplest 
case, that is, to plane waves of either sort. 

Let us first consider a plane transverse wave whose direction of propa- 
gation forms the angle of incidence a with the positive y-axis and is 
“polarized” in the x, y-plane. This means that of the three displacements 
only ~ and 7 are different from zero. In complex notation such a wave is 
given in the following way: 


é; cos “| 
(2) _ A exp [ik(a sina — ¥ cos a)] 

Ni sin a 
where the time-dependent factor e**’ has been omitted for brevity [cf. 
the remarks to Eq. (13.15) and (13.15a)]; & is the wave number, and the 
subscript 7 characterizes the wave as incident. By Eq. (2) the condition 
of vanishing divergence is automatically fulfilled: 


= dé; On: ur 
Cae wry = 0. 
Also, the planes of constant phase 


(3) x sina — y cos ea = Const, 


are normal to the direction of propagation defined by the angle a, as they 
have to be, and the displacement vector lies in this plane. The signs of 
the trigonometric functions in (2) follow from Fig. 74 and appear in the 
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first section of the following table, which gives the cosines of direction of 
the propagation and of the displacement vector relative to the positive 
x and y axes. 


Fia. 74. A longitudinal wave is created in 
the reflexion of a transverse wave polarized 
in the plane of incidence. 


ineid. trans, refl.trans. 
y 
zt y a y zx y 
dir. of prop. sin-a@ —COS @ sin @ COS @ sin a1 COS a1 
dir. of displ. COS a sin a COS @ —sin a sin az COS a1 
incid. transv. refl. transv. refi. longit. 


The differential equations of elasticity, which in the case of a transverse 
wave (because of © = 0) have the simple form 


a 3” 
(4) p oa = V's, <1 = nV"n, 


are likewise satisfied by the set (2) provided that k for a given w is de- 
termined from the well known equation 


2 
(5) = = ; = Coane = b° 


(b is the notation used for ¢,,., 1m 14). 

The set (2) as it stands does not, of course, satisfy the boundary 
conditions (1). One might think that this can be achieved by superim- 
posing a reflected transversal wave &, , 7, 


E, COS a ° 
(6) = B exp [ik(a sin a + y cosa)]. 

N; —sin a 
(the signs of the trigonometric functions now chosen as in the second 
section of the preceding table). This, however, cannot be done as we shall 
see now. 

The quantities k and a in (6) must be identical with the corresponding 
quantities in (2). This follows for k from the differential equations (4), 
and for a as in elementary optics from the boundary conditions. For, the 
combination of an incident and a reflected wave 


(7) G=& +8, 2=at+m 
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is subject to the boundary conditions 


0 = a,, = ce, ee a = —2Quik(A + B) sina cos a eftztina 
(8) 
O = on, = 2yey, = mes aa 2a) = +pik(A — B)(cos’ a — sin” a)e"**"* 
zy yx ay = 


The third condition c,, = 0 is automatically fulfilled. But the two pre- 
ceding conditions contradict each other, since the one requires A = —B and 
the other A = B. Choosing another angle of reflexion (a, # a,) would 
make the contradiction even worse, since it would introduce an infinity 
of contradictory conditions instead of two, viz. a different one for every 
single x-value. 

There is only one way to avoid the dilemma: assume that in the process 
of reflexion of a transverse wave there is generated a longitudinal wave 
in addition to the reflected transverse wave, so as to make available a 
further amplitude constant C. With a view to the third section of the 
table we put 


£1 


sin Q) 
(9) : = Cet? @einart+ycosat) 
Ni cos ay) 


where k, is now different from the previous k. The elastic differential 
equations (14.1b) require in the present case, because of the term with 
grad 0, that 


(10) 


Eee 
zo) 


where @ = Cjong iS the notation already used in 14; the prescribed w is of 
course the same as in (5). From (5) and (10) we have 


ky _ 
- where we have put 
—1/2 
a ML 


But the angle of reflexion a, is now different from the previous angle of 
incidence a. In fact, the reflected longitudinal wave obeys a law of the same 
structure as the. refracted transversal wave in elementary optics, namely 


(12) sina = nsin a; . 
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Let us call this the refraction formula, although it refers in the present case 
to a reflexion rather than to a refraction, and designate the coefficient n 
as an index of refraction in the same sense. 

In order to prove (12), we first calculate from (9) 

= 0&; On. apes tkizsingl 
Go = Ae + 0 1k,Ce 

for y = 0. In setting up the new boundary conditions the right member 
of the first equation (8) must be augmented by 


(12a) 2u oe + XO = tk,(2Qpu cos” a, + d)Ce*r, 
and the second Eq. (8) by 


o£; om 
(12b) (Se 4 
The modified Eqs. (8) should now establish conditions for the A, B, C 
that are independent of x. This is possible only in the case that the same 
exponential function of x occurs in (8) and (12). The law of refraction (12) 
must therefore be valid. 
Eqs. (8) modified according to (12) yield now the linear homogeneous 
system 


) = ik,2u sin a; cos a, Ce****i"*" 


— Quk sina cosa (A + B) + k,(2u cos’ a; + ANC = 0 
(13) 
— yk(cos’ a — sin’ a)(A — B) + k,2usin a, cosa, C = 0 
which determines in a unique way the ratios B/A and C/A, that is, the 


reflected fractions of the incident amplitude A; the latter may, of course, 
be arbitrarily prescribed. One obtains from (13) 


c nm sin 4a 
A cos’ 2a + n’ sin 2a sin 2a, 


If 


“ 


(14) 
B _ cos 2a — n’ sin 2a sin 2a, 
A cos’ 2a + n’ sin 2a sin 2a; * 


This solves the problem of the reflexion of a transverse wave polarized 
in the plane of incidence. If the incident transverse wave is polarized 
normal to the piane of incidence, no longitudinal component occurs in 
addition to the regularly reflected wave. When, on the other hand, an 
incident longitudinal wave is reflected there appears beside the regularly 
reflected longitudinal wave a transverse wave which is polarized in the 
plane of incidence. This will be taken up in problem VIII.5. 
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In the present discussion we are not so much interested in the elastic 
but in the optical interpretation of the mathematical formalism. As is 
well known, the central idea of 19th century optics is an elastic ether that 
carries the optical phenomena; this is true for the period of development 
that leads from Fresnel and Fraunhofer to F. Neumann and ends with 
H. Hertz. We shall now briefly indicate why the endeavors of these men 
to build an elastic theory of light resulted in insurmountable contradictions. 

Once the polarizability of light had been recognized, the only waves 
admissible in optics had to be transverse. It is true that Rontgen, under 
the influence of one of Helmholtz’s last papers, was considering the possi- 
bility that his newly discovered X-rays might be longitudinal waves. 
However, experiments on polarization of X-rays, first carried out by 
Barkla, precluded this possibility. 

Now we have seen that even the simplest process of reflexion is 
elastically impossible without the occurrence of longitudinal waves. 
Starting with purely transverse waves, we have found that longitudinal 
waves—essentially foreign to optics—are generated in the process of 
reflexion. 

The root of this dilemma is in the last analysis an arithmetical one. 
To see that, let us consider the more general case of reflexion and re- 
fraction that occurs in the transition of a wave from a medium | into a 
medium 2. Here we have altogether szx elastic boundary conditions: three 
equations for the stresses and three equations that express the continuity 
of the displacements £, 7, ¢. For an incident transverse light wave, how- 
ever, we have only four unknowns at our disposal, viz. two pairs of ampli- 
tude ratios for the two modes of polarization in the reflected and the 
refracted wave. This is a contradiction that can not be resolved. 

When we now replace the elastic ether by the quasi-elastic ether of 
15, a different set of conditions appears. The stress is no longer a sym- 
metric but an antisymmetric tensor which can be represented by a vector. 
The quantities o;; are zero and the number of stress conditions to be 
fulfilled is reduced from 3 to 2; the same is true for the displacement 
conditions. We then arrive at boundary conditions that are identical with 
those of the electromagnetic theory of light, and the intrinsic difficulties of 
the elastic theory of light are most beautifully resolved. 


B. Elastic Surface Waves 


In dealing with this problem we follow closely the treatment of the 
analogous hydrodynamic problem in Chapter V. We therefore consider 
plane waves that progress in the positive z-direction with prescribed 
circular frequency w; the wave number k is to be determined. When speak- 
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ing of plane waves, we mean that the excitation is independent of the 
third coordinate z. The wave is composed of a longitudinal and a trans- 
versal component. 

The longitudinal component is again irrotational as in hydrodynamics, 
and can be derived from a potential . Accordingly we put 


(15) as Lo > Sane r= .0, 


but in the present case © does not satisfy the condition of incompressibility 
V’® = 0 as in hydrodynamics; © obeys, however, the relation 


2 
(16) a = (2u + A)V’S, 


which follows from the elastic differential equations for — and ». We try 
(17) _ Aye ef FFD u(y) 


and obtain from (16) for the unknown function u the equation 


— pou = (Qu + »)( Wu + #4), 


or 
Pe 
as a 
(18) oo = pu, where 
a 2_ 2+ 


a= 
p 


Let us assume that 7: is real and take the positive sign of the square root 
in the determination of p. Of the two particular integrals of (18) 


te and uw=e 


the second must be excluded because of its behavior at y = ©. Thus (17) 
becomes (if the time-dependent term is omitted as usual) 
@® = Ae ™, 
which yields by (15): 
£, = —tkAe**™, 


(19) ikz—py 
m = +pAe . 
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The transverse component of the wave to which we now turn is free 
of divergence. We may therefore introduce a function ¥ in analogy to the 
hydrodynamic stream function and put 


(20) ee te= ot ae 


The function ¥ satisfies the same differential equations as , and 7, , viz: 


ow 
(21) pa = pv'v. 
Again we try 
(22) vy = Be’ (he-@ Bay) 


and obtain from (21) the following differential equation for v: 


eas ee = 
dv : bY 
(23) = gv 
Y 
p= A. 
p 


With the only admissible solution 


v=e” 


(where g is supposed to be real and positive) we have from (20) and (22) 


é, = oBe™™, 
(24) | 
ne = thBe™-%, 


where again the time-dependent term has been omitted. By superposition 
of (19) and (24) we obtain for the total displacement, £ and n, expressions 
in which two constants are to be determined: the wave number k and 
the amplitude ratio A/B. They are to be found from the two boundary 
conditions (1) o,, = o,, = 0; the third condition (1) is automatically 
fulfilled because of the planeness of the wave. If one calculates the strains 
€yy » €z, and © from the displacements &, 7, and the stresses o,, , o,, from 
the strains, the first two boundary conditions (1) can be written in the 
form 


— 2u(p'A + tkgB) + x(k’ — p’)A = 0 


2ikpA — (q¢? + )B = 0. 
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If one substitutes for p and ¢ by (18) and (23) and expresses the elastic 
constants \ and uw by the wave velocities a and b, one obtains 


2 
(2° ~ “A + 2k j/k? -3B=0, 
(25) 


2 


2 
Orie 2! = (21° - %)p = 0. 


The determinant of this homogeneous system must vanish, hence 


2\2 a 2 


which is a cubic equation for k” [the term containing k* cancels if (26) is 
squared]. The ratio A/B follows from (25), once (26) has been solved. 

We wish to discuss (26) in some detail only in the limiting case a >@, 
that is, in the case of an almost incompressible medium. Eq. (26) is then 
transformed into 


ie 


2 yt < See 
(27) (1 2) = V/1 2a, t= 2b ke? * 


Here we are interested in the root close to x = 3. Putting x = 4 — 6, 
we obtain by expansion of (27) 


1 : 1,4 ) eile 
(28) ies) = 26, ig Tg ot = 28, ve 
Hence the root x of (27) is approximately 
oe eee 
eo) oS ets \) aoe °\) ony) 


where w/k is the velocity of propagation of the surface waves. It is slightly 
smaller than the velocity b of the transversal three-dimensional waves. 
According to our assumption, the velocity a of the longitudinal three- 
dimensional waves is much larger. 

We finally ask for the depth at which the disturbance due to the 
surface waves is no longer noticeable. This question is answered by the 
exponential factors e¢ *” in (24) and e” in (19). Characterizing the at- 
tenuation in y-direction by the depth at which the amplitude decreases 
to 1/e of its surface value, we obtain the depths y = 1/q resp. y = 1/p. 
From (23) and (29) we find for the first of these quantities 


(30) ety ee a eee 
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where J is the wave length; for the second we have from (18) with a > 
(30a) = 


The depth of penetration is in either case only a fraction of the wave 
length | with which the wave progresses along the x-axis; / is, of course, 
the same for the two components of the wave since the boundary condi- 
tions require the same coordination of the two components everywhere 
along the surface. The penetrations of the two components are never- 
theless different. 

The results (80) and (30a) show that we deal here with an elastic 
process that is restricted to the proximity of the surface and is made 
possible only by the discontinuity of the elasticity constants at the surface. 
The particular value of the velocity of the surface waves should be in- 
terpreted in the same sense. The elastic reaction at the surface is milder, 
since yielding is easier than in the interior, whence the smaller velocity 
of the surface waves in comparison with the spatial waves. (The smaller 
velocity of the spatial transverse waves as compared with the spatial 
longitudinal waves can be understood along similar lines; in the second 
case the material is subject to compressive loading which raises stronger 
reactive forces than the shear loading that permits yielding in the trans- 
verse direction.) 

In 1886, when the problem of elastic surface waves was first treated, 
Lord Rayleigh voiced the belief that they might play an important part 
in earthquakes. In the subsequent development of seismology, which is 
due in a large measure to the theoretical and experimental efforts of E. 
Wiechert, Lord Rayleigh’s conjecture was fully confirmed. The relative 
importance of the two-dimensional waves that spread along the surface 
of the earth increases with increasing distance from the center of the 
disturbance in comparison with the spatial waves, the energy of which 
disperses in three dimensions through the interior of the earth. Hence the 
surface waves form the principal part of the observable seismic effect. 
Furthermore they are also temporally separate from the spatial waves, 
since they arrive at the point of observation somewhat later than the 
transverse spatial waves, partly because of their smaller velocity, partly 
because of their longer path (are versus cord). The longitudinal spatial 
waves arrive at the seismograph still earlier than the transverse spatial 
waves, and form the first part of the primary wave. 

The seismic signals bring us information not only about the average 
elastic behavior of the interior of the'earth but also about its possible 
discontinuities. One knows that the analysis of these signals together with 
other geophysical and astronomical data led Wiechert to the idea of a 
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“‘solid”’ core of the earth that consists essentially of tron and is surrounded 
by lighter layers of sulfides and silicates. This theory is based not only on 
propagation processes but also on processes of reflexion along successive 
discontinuity surfaces in the interior of the earth, the simplest form of 
which has been studied in section A of this article. 


PROBLEMS 
Chapter I 


1.1. The definition of curl A by a linear vector function compared with 
its definition by a differential operator. Show that the two definitions of the 
curl 

B = curlA in (2.6) 
and 


(A — A) =BXr_ in (2.7a) 


are equivalent, provided that r is considered infinitesimally small as in 
1.—It will be noticed that the field vector A of Eq. (2.7a) of the text 
vanishes for r = 0 since it corresponds to the rotatory part v, of the general 
motion in 1. To avoid this restriction, we have written A — Ag, instead 
of A, so that A, is the value of the new field vector at r = 0. Of course, 
A, corresponds to a velocity Vv, associated by S) = vAt with the translatory 
part S of the general motion. 

1.2. The vector character of curl A. Investigate the vector character of 
the curl by applying the transformation formulas (2.2) to the differential 
definition 


B = curlA 


(Note that the components of A and the “differential operators” 0/02; 
must be transformed.) 

1.3. A table of the most important vector analytic operations in polar 
coordinates. Set up the expression for grad, div, curl, V’ and D in cy- 
lindrical and spherical coordinates. 

1.4. The symbol 7A. Calculate the expression 


grad div A — curl curl A 


in cylindrical coordinates and compare the result with what is obtained 
when the V” operator calculated in I.3 is formally applied to the com- 
ponents A, , A, , A. . The two results are identical only in the case of 
the “Cartesian” component A, [cf. the remarks following Eq. (3.10).] 

1.5. Concerning the so-called second boundary value problem of potential 
theory. Show that a potential problem in which dU/dn instead of U is 


prescribed along the boundary of the region has a unique solution except 
for an additional constant. 
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1.6. The geometrical meaning of the tensor invariants. True geometrical 
properties of a geometrical object are those that do not change in an 
orthogonal transformation; conversely, an orthogonal invariant must 
always allow a geometrical interpretation. The geometrical correlative 
associated with the tensor concept is the tensor quadric which, for con- 
venience, may be assumed as an ellipsoid; hence it must be possible to 
interpret the three tensor invariants (4.10) as geometrical quantities 
connected with that ellipsoid. 

Interpret the three tensor invariants as geometrical properties of the 
tensor ellipsoid. 

1.7. Condition that a given pattern of field lines belongs to a potential field. 
If the field vector F is everywhere given, the condition for the existence 
of a potential U is curl F = 0 according to Eq. (3.7), but if the field lines 
are given, we know only the ratios F, : F, : F, , and a scalar multiplier \ 
is left undetermined. Is it possible to choose \ in such a way that F has 
a potential? Show that this can not be done unless 


F, 1 curl F,., 


which is therefore a necessary condition. Here F, is any vector that 
satisfies the given ratio condition, e.g. a unit vector that is everywhere 
parallel to the field lines. 


Chapter II 


IL.1. The altitude of the polytropic atmosphere. a) Determine the altitude 
h of the polytropic atmosphere for the following values of the polytropic 
exponent: n = 1.4 (adiabatic case), n = 1. 2, and n = 1 (isothermal case). 
b) Find the pressure as a function of the distance from the surface of 
the earth, the surface being considered spherical rather than plane as in 7. 
Show that under this condition the pressure in the isothermal atmosphere 
does not vanish at any finite distance from the earth nor, contrary to 
what one might expect, at infinity. 

II.2. Separation of a gas mixture in a centrifugal field. Determine the 
speed of revolution required to produce a pressure difference equivalent 
to a water column of 40cm height between the axis and the circumference 
of a rotating drum that has a diameter of 60cm and contains normal air 
at O°C (21% O, and 79% N2 by volume), and find the composition of the 
air at the circumference of the drum. 

11.3. a) The two-dimensional analogue to the flow in a capillary tube. A 
fluid flows between two parallel plates at a distance 2h from each other, 
the straight streamlines being parallel to the z-axis as in Fig. 19. Deter- 
mine the velocity profile in the z,y-plane and the pressure loss II between 
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two cross-sections in the distance I. Determine also the force required to 
keep the plates at rest against the reactive forces of the flow. 

b) River in laminar flow (cf. Fig. 19a and the remarks on p. 120 about 
the experimental realization). Show that the velocity profile is identical 
with the lower half of the velocity profile in part (a) of this problem. 
(Assume both river depth and angle of inclination a of the bottom con- 
stant, and consider the boundary condition at y = 0.) Here the external 
force of gravity replaces the driving pressure of case (a). 

11.4. Straight and cylindrical Couette-flow. According to (16.14) the 
so-called Couette-flow in straight streamlines (cf. Fig. 19b) is characterized 
by the velocity law 


(1) u=7U, v=w=0. 


The equilibrium conditions (10.8a, b) are fulfilled if » = const; no driving 
pressure is required since the upper plate is kept in motion by the force 
uU/h. 

Likewise in the case of the Couette flow proper, which takes place 
between two coaxial cylinders of radii r, and 7; , no driving pressure, but 
only the moments M, and M, are required, the one to maintain the motion 
of the external cylinder and the other to keep the internal cylinder at 
rest. Set up and integrate the differential equations of the flow and com- 
pare the result with Eq. (1) in the limiting case r; ~«. Calculate also 
the moments M, and M;, and note that they are not equal. 

I1.5. The problem of Boussinesq. An elastic body bounded by a hori- 
zontal plane, but otherwise infinite, is subject to a vertical force P applied 
at a single point this plane, all other points of which are free of stress. 
Calculate the state of stress in the body, and in particular the hoop stresses, 
that is to say, the principal stresses which are tangential to the circles 
about the direction of P. 


Chapter III 


III.1. The convective terms of the hydrodynamic equations in polar co- 
ordinates. Show that there is a difference between the correct calculation 
of the convective terms according to (11.6) and the result obtained from 
the “misinterpreted” symbol (v grad). Take cylindrical coordinates as an 
example, where one might be tempted to give the following meaning to 
the symbol (v grad) 
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Verify that such a difference occurs in the r- and g-component but not in 
the z-component. Relate the missing terms to the centripetal and the 
Cortolis accelerations. 

III.2. Similarity considerations in pipe flow. Let the connection be- 
tween the pressure gradient per unit of length II/J and the average velocity 
v be given by 


(1) 7 = Cy". 


For the laminar state we have n = 1, for the turbulent state n = 1.722 
according to Reynolds, and n = 1.75 according to Hagen (cf. the schematic 
representation in Fig. 18). 

The quantity C can depend on the density, the kinematic viscosity », 
and the radius of the pipe a. 
a) Following Karman [Physik. Z.12, (1911) 283], assume C proportional 
to a product of powers of these quantities and find the exponents by 
dimensional reasoning. 
b) It must also be possible to represent the relation (1) by the dimen- 
sionless quantities R and S and the quotient //a in the general form 


(2) = s(t R). 


In particular, if the function f is again assumed as a product of powers 
and the exponent of I/a is taken as 1, one obtains instead of (2) 


(3) S=r-2R’, 

where ) is a dimensionless constant; 6 can be easily expressed by the ex- 
ponent 7 occurring in (1). 

c) Show finally that the relation S = \R-** in (16.13) is in accordance 
with Hagen’s value n = 1.75. 

III.3. The free surface of a fluid in the presence of external forces. Using 
the principle of virtual work, find the differential equation that determines 
the shape of the free surface of a liquid subject to capillary forces and 
external (body) forces that have a potential. The fact that the total 
volume of the liquid mass does not change in the displacement will have 
to be used. 

III.4. Rise of a liquid in a capillary tube. The result of the foregoing 
problem can be applied to find the elevation (or depression) of a wetting 
(or non wetting) liquid in a narrow capillary tube. Consider for this 
purpose the surface of the liquid inside the tube as spherical; outside the 
tube the surface may be considered everywhere as plane with sufficient 
accuracy. 
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Chapter IV 


IV.1. Calculations in bipolar coordinates. The bipolar coordinates p and 
y have been defined by Eqs. (19.10a, b). Show that the line element in 
these coordinates has the form 


c 


Py bye 2 2 = , 
(1) ds =g(dp +dy), 9g cont pee 


Set up the expression for VY” and the equation of the vibrating membrane 
(17.8) in these coordinates. Note that the latter is not separable in p and 
¢, that is, there is no solution of the form 


(2) u = fi(o)fo(¢). 


IV.2. The field of flow about two vortices of equal strength and opposite 
orientation. Eq. (19.10), which is equivalent to Eq. (19.11), yields the 
velocity field 


v = — grad = A grad g, v, = 0, vv». = — 


where the value of g is to be taken from Eq. (1) of the foregoing problem. 
Show by a geometrical argument that this representation of v is equivalent 
to Eq. (19.14). 

IV.3. Calculations in elliptic coordinates. Set up the line element ds and 
the operator V’ in elliptic coordinates £, 7. The equation of the vibrating 
membrane becomes separable in these coordinates, that is, a trial solution 
of the form (2) in problem IV.1 


u = fil@fo(n) 


makes the integration possible. 

IV.4. Transition from bipolar to toroidal and “‘spindle’’ coordinates. By 
rotating the plane of the bipolar coordinates p and ¢ about the axis p = 0 
(cf. Fig. 26) one obtains a system of toroidal coordinates; by rotation 
about the axis ¢ = 0 another spatial coordinate system results for which 
the name ‘‘spindle’”’ coordinates seems appropriate. Find the line element 
in these coordinates, set up the operator V7’, and discuss the question of 
separability. 


Chapters V. and VI 


V.1. The kinetic energy of water waves. As a supplement to the topic 
of 26, p. 189, compute for gravity waves in deep water the kinetic energy 
contained in a column of cross-section Az-Ay = .1, bounded by the 
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bottom and the free surface; compare this with the amount of potential 
energy contained in the same column. 

Carry out the computations of p. 189 and p. 190 for moderately deep 
water and show that the value of S/H agrees with the value of U/N in 
Eq. (26.18). 

VI.1. The drift current. Winds blowing along the surface of the ocean 
generate water currents known as drift currents. The surface layer which 
is exposed to the immediate action of the wind imparts its motion to the 
adjacent layers by the friction pressures. Consider the ocean infinitely 
extended and its density and viscosity everywhere constant; introduce a 
coordinate system £ 7, ¢ rigidly connected with a surface point of the 
earth, the é and » axes being tangential to the meridian and the parallel, 
respectively, and the ¢ axis coinciding with the outward surface normal, 
so that &, 7, ¢ form a right hand system and the & axis points south (cf. 
Fig. 49, Vol. I). The Navier-Stokes equations must now be augmented by 
the Coriolis terms of Vol. I. 30.2 or 30.5.’ For an unlimited and homo- 
geneous ocean the components v; and v, as well as p are independent of 
€ and 7; the component »; can be neglected. 

Investigate the steady state that results if one assumes the wind 
velocity vector constant in the &, 7-system. 

V1.2. Instability of a plane discontinuity surface separating two flow 
fields with different velocities. In 30 and 32, pp. 216, 232, it was pointed out 
that discontinuity surfaces are unstable since they curl into vortices under 
the influence of friction. However, this instability is also present without 
friction; this is to be shown for the simplest case of a plane discontinuity 
surface y = 0, the fluid being the same on both sides. 

Assume the fluid flows in z-direction with the constant velocities U, 
and U, for y > 0 and for y < 0 respectively. The problem is thus re- 
stricted to two-dimensions and remains so if a disturbance of the surface 
is introduced in form of a sinusoidal cylinder with generatrices parallel 
to the z-axis. External forces may be neglected. 

Use the velocity potentials 


Hy Seon Dire C= —Ua7 (principal motion) 


y>Oo0 y <0 
$1 Yo (disturbance) 


and apply Bernoulli’s theorem in the form (11.15) valid for non-steady 
flow. The discussion of the equations of motion so obtained shows that 
the principal motion is unstable for all wave lengths of the disturbance, 
and, since every disturbance can be compounded from sinusoidal com- 


1Cf. Synge and Griffith, op. cit., Sec. 12.3. 
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ponents according to the Fourier integral theorem, the flow is unstable for 
any disturbance. 

According to Helmholtz (Uber atmosphiarische Bewegungen, Akad. 
Ber. Berlin, 1898 and 1899) the formation of high cirrocumulus clouds is 
connected with the unstability of the boundary between two air currents 
of equal directions but different velocities. The clouds are generated by 
the condensation of water vapor in form of droplets or ice crystals in 
regions of diminished pressure.—The instability of the discontinuity sur- 
face to be shown here for incompressible fluids occurs doubtlessly in com- 
pressible fluids, too, as long as all velocities are small compared to the 
sound velocity (cf. appendix to 18). 

V1.3. Stability of a horizontal water surface for varying wind velocities. 
Proceeding as in the foregoing problem, investigate the stability of a 
water surface at rest under the influence of an air current moving parallel 
to it. The density of the air must not be neglected as was done in Chap. 
V., although it is small relative to water (0.00129:1). Gravity must be 
considered in this problem. 


Chapter VII 


VII.1. The shape of the free surface of a rotating liquid derived according 
to Lagrange’s equations. The free surface of an incompressible fluid rotating 
with constant angular velocity was determined in 6 p. 44 by the methods 
of statics and is now to be found by the use of Lagrange’s equations. The 
axis of the drum is vertical as before. 

VII.2. Transition from Euler’s to Lagrange’s equations in the one- 
dimensional compressible case. For the special case of a one-dimensional 
flow of a compressible fluid in the absence of external forces, derive La- 
grange’s form of the hydrodynamic equations directly from Euler’s equa- 
tions and the law of conservation of mass. 

VII.3. Simplified determination of the linear differential equations for 
Riemann’s shock wave problem according to Hadamard. The one-dimensional 
Lagrange equation derived in the preceding problem permits us, according 
to J. Hadamard (Legons sur la propagation des ondes, Paris, 1903), to 
shorten the transition to the linear differential equation of second order 
in 37. Assume that the compressible fluid has initially constant density 
and use the Legendre transformation of Vol. I. Eq. (42.8), cf. also footnote 
10 on p. 312. 

VIL.4. Stokes’ formula for a rotating sphere. In analogy to the translatory 
motion of a sphere analyzed in 35, investigate the uniform rotation of a 
sphere of radius a. Assume again laminar motion and an incompressible 
fluid, and show that the moment M = 87ya*w is required to maintain 
uniform rotation with angular velocity. 
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Chapter VIII 


VIII.1. The bending of a beam on two supports under a single load. A 
beam of length 1 = a + 6 rests with its ends A and B freely on two sup- 
ports of equal height; a vertical force P acts at a distance a from A. Make 
a diagram of the shear force and the bending moment along the beam and 
determine the elastic line. 

VILI.2. The vibrations of a red. a) A vertically suspended prismatic rod 
is rigidly clamped at the upper end and carries at the lower end a mass 
M that is large compared with the mass of the rod m. The system is free to 
oscillate in the direction of the axis of the rod. Determine the circular 
frequency of the longitudinal oscillations neglecting m as small relative to 
M, and the elasticity of the body M as unimportant relative to that of 
the rod. 

b) The system a) is now allowed to oscillate about the axis of the 
rod. In calculating the frequency of the torsional oscillations the weight 
of M that acts in the axis of the rod may be disregarded, since it is bal- 
anced by tensile stresses that are constant in time. The appropriate 
assumption is now that the moment of inertia 9 corresponding to the 
mass M is large compared to that of the rod. 

c) We finally consider a horizontal rod that is either rigidly clamped at 
one end and loaded at the other end by a mass M, or supported at both 
ends A and B as in prob. VIII.1 and loaded at a distance a from A (re- 
spectively b from B) by a mass M. The equilibrium of the rod is disturbed 
by a vertical impulse. Determine the circular frequency of the oscillations 
normal to the axis of the rod (bending oscillations), if again M > m. 

VIII.3. Rod subject to an impulsive load. Assume that the mass M of 
the rod of prob. VIII. 2a is not a steady load, but was put in contact 
with the rod at t = 0, and that at that instant the velocity of M was » . 
Calculate the maximum displacement é,,., of the mass M and the maximum 
stress Gmax at the end cross-section of the rod in general and show in 
particular: 

a) for v) = 0, max is twice its static value. 

b) for large values of vp , omax Increases with the kinetic energy of M 
at the instant of contact, and depends on the individual dimensions of the 
rod only through its volume. 

VIII.4. A supplement to the torsion problem for an elliptic rod. Deter- 
mine the torsional moment M and the angle of torsion gy, for a rod with 
elliptic cross-section by carrying out the integrations in (42.23), and com- 
pare the factor that expresses the influence of the geometry of the rod 
with the polar moment of inertia of the area of the ellipse. 

VIIL.5. The reflexion of a plane transverse and plane longitudinal wave 
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within an elastic solid having a plane boundary. As a supplement to 45 
show that a transverse wave oscillating perpendicularly to the plane of 
incidence is reflected regularly at a plane surface that is free of forces, and 
no longitudinal wave is generated simultaneously. Show on the other 
hand, that a plane longitudinal wave generates, in addition to the regularly 
reflected longitudinal wave, a transverse wave that oscillates in the plane 
of incidence. 


ANSWERS AND COMMENTS 


I.1. a) Differentiate the z-component of 
2A — A.) = BXr 


partially with respect to y, the y-component partially with respect to z 
and subtract the results. On disregarding all terms that vanish simul- 
taneously with 7, the usual expression for the z-component of 


B= curlA 


is obtained. 
b) Note that the omitted terms have the form 


(r grad)B, — x div B. 
This points to the connection with the general formula 
curl (a X b) = (b grad) a — (a grad) b + adiv b — bdiva, 


valid for arbitrary vectors a, b but restricted to Cartesian components. 
I.2. From (2.2) one has 


r= Waa ’ X= Dd ane, i= Doan, 
i 7 


and finds by differentiation 


6] Ox, O ) OAt OAs, 
ie eee ant ee ae 
The difference of the derivatives 0A/,/dx} — 0A}/dx}, gives the 1, 2, 3 
components of curl’ A’, when the pair (J, m) takes the values (2,3), (3,1), 
(1,2). Each derivative consists of 9 terms. When the difference is formed, 
6 of the 18 terms cancel. The remaining 12 terms can be arranged in 6 
pairs according to the 6 different 0A,/dx, and finally rearranged in 3 
terms containing the three differences 0A,/dx; — 0A,/dx, . Hence each 
component of the transformed curl is a linear function of the components 
of the original curl; the coefficients are the cofactors of the elements of 
the transformation determinant as in (2.5). This points again to the axial 
vector character of the curl. 

The treatment of this problem in Eqs. (2.10)-(2.15) of the text deserves 
preference. 

1.3. It is, of course, possible to obtain the required expressions from 
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their definitions in Cartesian coordinates by applying the corresponding 
orthogonal transformations of coordinates, but this is a highly cumber- 
some procedure. A more efficient way is to specialize the general formulas 
(2.24), (2.25), (2.26), (3.9a), (3.9b) for the required type of coordinates. 
The results of this computation are collected for later use in the following 
table, which contains also the answers to problems I.4 and III.1 for 
cylindrical and spherical coordinates. As for the correct meaning of the 
symbols V’A and (A grad)A, the reader is again referred to Eqs. (3.10a) 
and (11.6). 

It should be noticed that the sign of the curl depends on the orientation 
of the coordinate system. We have here assumed that the three coordinates 
in the sequence 7, ¢, 2 (and in the sequence r, 3, ¢) form dexteral systems. 
Only under this condition the use of formula (2.26) is legitimate. In the 
case of spherical coordinates the usual definition of & is such that @ in- 
creases from north to south. If this is adopted, ¢ runs contrary to the 
geographical longitude coordinate. If, however, ¢ is required to coincide 
with the geographical longitude, then the sign of the curl components 
would be reversed in accordance with Eq. (2.16), since the curl is an axial 
vector. The same thing happens when the order 7, 3, ¢ is changed into 
r, p, 0. 

Cylindrical coordinates: 


P,P, 2, d? = dr +r dy’ + dz 


Guar es = Uh gs = 1 


end oo Lav, a 
div A= 15 A) +2 2he 4 fs 
curl, —5 oe Sele 
curl, A = Ole ou 
cur], A = a = 2 eas 


oH) +808) +2009) 
WU 112 (2 T ag ee + a, ie 
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~12(,9U), 80,3 #U 
r or\ Or r dy ' 82° 


r r \dp Oe 
2 
A-grad A, — 4 
(A grad)A = )A-grad A, + 4-4e 
A-grad A, 
( 2, 2 OA, 
VA, yr ry" dp 
ViA= Jog — Ae y 2 aA, 
7 r dy 
Ve 


Spherical coordinates: 
r.0,g, ds =dr +r di? +7r'sin’ dy’ 


ae Jo =T, Js =rsnd 


ay a2U 1a 1 aU 
£8 dr’? 7 do’ resin’ d 
Oe 8 ae, 
he ae: 7 2 A.) + 3 (ind) + = a, 


_ _ 1 fasindA,) _ 242) 
He ( ao ay 


Deyn) Or Ag) 
rsind dg , oF 


= ee os 
curl, A = ( a0 
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sot (met) +8 Cael GL) 
vu aa iel 2 +5 snd 45) + ap \gin 8 de 


I 


au\’ aU 1 (au) 
pu = (2) + 1 (3) + ae oe 


2 (sin g As)+=5 


1 2As 


wid, — ARE aime sin’ dy 


aves 


2 2 | 940 eee 
(A grad)A = _* 2sin’d sin 3 a 


: 2 fod, ae Agee a) 
VAs +xeq|%4 Tee de = Asin d 


1.4. The r-component of curl curl A is according to the preceding table 


curl, curl A e curl, A — a curl, A 
7) 02 


r or dy r’ dy? 62” or dz’ 


16 dA, _16°A, _ d°A, , OA, 
2 


and, likewise, 


Lo Ae oA 
ae Yr Bey The 


grad, div A = oo +2 
We obtain therefore for the difference 
grad, div A — curl, curl A = --- — = -—3-—* 


The terms fully written on the right hand side are those that are missed 
if the expression VA, is calculated by a schematical application of the 
V*-expression in cylindrical coordinates, One finds in the same way 


2 0A, 
r’ ap ° 


grad, div A — curl, curlA = --- —-=$4+5 


ANSWERS 349 


I.5. For the difference U = U, — U, of two solutions U, and U, 
the Laplacian V’U vanishes in the interior, and the normal derivative 
dU/dn vanishes on the boundary. From Green’s theorem (3.16a) it follows 
that U = const as in the first boundary value problem so that U, = 
U, + const. To conclude that U, = U, is, of course, no longer possible. 

1.6. Let the strain ellipsoid with the semi-axes a, b, c be given by the 
equation 


(1) 3 €5,0;0;, = il 


referred to a system 2, , 2, , Xx; which is connected with the system of 
principal axes by some rotation. 

ay 9 =90' : Fora, =a, =*0 we obtain ¢, = 1/2, where |Z, | is the 
radius vector from O to the point at which the z,-axis cuts the ellipsoid. 
The lengths | Z, | and | , | being correspondingly defined, we obtain for 0 


(ite ee 
: ee ore 
~) te 


The invariance of © permits the following geometric interpretation. Jf an 
ellipsoid is cut by an orthogonal triad whose apex coincides with the center 
of the ellipsoid, the sum of the reciprocal squares of the intercepts 1s inde- 
pendent of the position of the triad; in particular, it is equal to 


1 iL Wt 
Corgtete: 
b) A = A’: The plane x; = 0 intersects the ellipsoid (1) in the ellipse 


2 
1:01 + 22% 2. + E27, = I, 


whose principal semi-axes are 1/+/ », and 1/+/%s, A, and A, being the 
roots of the equation 


€141 —_ A, €12 
(3) = 


€o1, €22 nN 


The area of the ellipse is 


(4) PF; 
From (3) and (4) we conclude 


2 
Aide = €11€22 — €i2 = F? ’ 
3 
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and, therefore, (F. , F; are defined correspondingly) 
(5) - a="(htpte p) 


Hence, if an ellipsoid is cut by an orthogonal trihedron whose apex coincides 
with the center of the ellipsoid, the swm of the reciprocal squares of the areas 
cut out by the trihedron is independent of its position; in particular tt ts 
equal to 


1 i 1 
A’ = a8 Se cae ab" 


c) D = D’: The volume of an ellipsoid with the semi-axes a, b, c is 
given by 
(6) V =F abe. 
When the determinant (4.7) is set up in principal coordinates, it reduces 
to the product of the terms 1/a’, 1/b”, 1/c’ in the main diagonal so that 


, 1 _ 16° 
(7) OS woe oe 
On the other hand, by an orthogonal transformation D’ is transformed 
into D [cf. (4.7)]. We have therefore once more 


(8) _ br 


The invariance of D has its geometrical equivalent in the independence of the 
volume V from the coordinate system. 
I.7. The relation F = XF, implies 


curl F = ) curl F, + grad X F,. 
By scalar multiplication with F, and application of the vector formula 
A-(B X C) = B-(C X A), 


one obtains an equation from which one concludes that F, 1 curl F, , 
provided curl F = 0. 

If U is a potential function that belongs to the pattern of field lines 
given by F, so that AF, = grad U, then any function V of U is also a 
potential and the associated multiplier \’ = \dV/dU. Thus the problem 
under consideration has an infinity of solutions, if it has a solution at. all. 

II.1. a) With the values of po and py of p. 99 one obtains from (7.9b) 
the values of h for n = 1.4, 1.2 and 1, given on p. 52. The last value is in 
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accordance with the fact that the exponential function in (7.14) vanishes 
only forz =o. 

In the adiabatic case (x = 1.4) the lapse rate of the temperature can 
be determined from Eq. (7.11). If we assume a ground temperature of 
0°C = 273°K, the lapse rate is just about 1°C per 100m. This same adia- 
batic lapse rate for dry air is also found in the descending air current of 
a foehn® between two points of the same stream line, while in vertical 
direction, that is, in the transition to a different streamline, only half this 
value is found (corresponding to the average temperature gradient in the 
atmosphere). 

b) We substitute in the second equation (7.7) 


where G = constant of Newton’s law of gravitation, M = mass of the 
earth, r = distance from the center of the earth. The constant in (7.7) is 
determined by the condition: p = p, forr = R, R being the radius of the 
earth. In this way one obtains from (6a) and (7) 


eee ec Dic, é 2 ae 
(1) p = p,| 1 oe CM = 
At the surface of the earth we have 

GM 
(2) Sa 


The limit of the atmosphere is obtained if we let p = 0; withr = R +h 
we obtain from (1) 


(3) L = Soe! Rh’ 


in accordance with (7.9b), provided h «< R and n > 1. 
For the isothermal case, n = 1, the two results no longer agree. If we 
substitute G = R’g/M in (1) and pass to the limit n — 1 we obtain 


R 
(4) p = poexp| ~ #- gt(1 -*)], Gale: 


In this case there is no upper limit of the atmosphere that would be de- 
finable by p = 0: for r > we have the paradoxical result of a small but 
finite pressure value 


2This is a not uncommon meteorological phenomenon in the European Alps, its 
characteristic feature being the sliding down of air masses along mountain slopes. 
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(5) p = Po exp (-2 a ° gh), 


II.2. The partial pressures of N, and O, are originally (o = 


21 79 ; 
(1) por = Do 100” Por = Po 100’ with p. = 1033 X 98 ae 
From (7.18) we have the partial pressures at the circumference r 


r 
Pi = Poi ©XP (2 re oo py = 32, 
(2) 


bo PO 

Do = Po2 ©Xp & rw) aia 2 Vices 28. 

The pressure difference (p, + p2) — po is prescribed as 40 X 981 gr cm™’ 
sec” and equals by (1) and (2) 


1 2 r 
p+ ms — mo = pol ex (5) ~ 1] + mol ex (Sen) — 1] 


The arguments of the exponentials being small, we obtain a good approxi- 
mation by expanding the exponentials and retaining the linear terms. 
With R = 8.31 X 10’ erg/grad and T = 273° K, this leads to 

307w” 
2 S40 0) x 27a8 


whence w = 260 sec’ and n = 80 w/r = 2480 rpm. The pressure (or 
density) ratio at the circumference is found as 


40 = 10.33(21 XK 32 + 79 X 28) 


14 mre 
Di _ pr _ Por | 2RP _ 21 1.043 
D2 i P2 ia Po2 bp To” FAS) MARES 
1+ 9 Rr 


or only 0.5% larger than at the center, hence the centrifuge is not an 
efficient means to separate mixtures of gases or isotopes. Even the ultra- 
centrifuge mentioned on p. 55 separates only aggregates of colloids or, 
at best, the giant molecules of protein mixtures. 

IT.3. a) In close analogy with Eqs. (10.11) to (10.17) one obtains 


A a2 
Q) uaa Wx) weep eds = Al= oul 


that is, a parabolic velocity profile as in F ig. 14 and a pressure loss pro- 
portional to the first power of the average velocity and to the minus 


ANSWERS 353 


second power of the half width h, which corresponds to the radius in 
Eq. (10.17). The reactive force acting on the upper or lower plate in the 
direction of the flow is 3uu,,/h per unit of area. 

b) The component of gravity in the direction of the z-axis of Fig. 19a 
equals 


(2) F, = pg sin a; 


the component directed toward the bottom y = —h need not concern us 
here. At the free surface the pressure equals the atmospheric pressure 
(p = 0); no pressure gradient in z-direction is required since its role is 
taken over by the body force (2). The differential equation (10.8a) reads 


under these conditions 
a 


p=. = pasina 
Pay 8 ’ 


The boundary conditions at y = 0 require both p = O and p,, = 
—ydu/dy = 0, but these conditions are satisfied in (a) because of the 
symmetry of the flow relative to the plane y = 0. The velocity profile in 
the present case is therefore identical with the lower half of the profile in 
a), the constant A being modified as required. 

II.4. We refer to the formulas for cylindrical coordinates developed in 
the answer to problem I.3 and put 


v= Ve, v, = v, = 0. 


The condition of incompressibility 


requires that v be independent of y, so that v = v(r). The same is true 


for the pressure 7p. 
The expression for Vv, which we find again in the table 1.3, yields 


the differential equation 


The general solution is a linear combination of the particular integrals 
vy = randv = 1/r; the coefficients follow from the boundary conditions 


j= OO eT —7; , f= ior i= 


In this way we obtain the solution 
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which becomes identical with the solution (16.14) for the straight Couette 
flow if we pass to the limit infinity with r; and use the notations r, = 
r,;thandr=7,+y. 
The reactive moments (per unit of length of the cylinder axis) are 
given by 
2 


2 2 
retin eed 
M, = 2npUr, 2 a pe? M; = 2rpUr, ae 


Their difference per unit of circumferential length of the external cylinder 
equals »U; the dimension of this quantity is that of a torque per unit of 
area. It is in fact equal to the torque per unit of area which acts in the 
case of the straight Couette flow upon the two boundary plates (stress 
pU/h X arm h). 

11.5. This problem shows in a typical way how the fundamental 
equations of elasticity are applied. The solution requires a somewhat 
lengthy calculation, the single phases of which we shall clearly indicate. 
It is left to the reader to supply the connecting steps. 

Let the direction of the force P coincide with the z-axis and its point 
of application be the origin of a system of cylindrical coordinates 1, ¢, 2. 
On denoting the components of the displacement vector by 


pa VF 2 n 0, f, 
the dilatation © is obtained according to the table 1.3 in the form 


19 oy 
(1) 0 2 Ree (rp) + dz 


since the problem is symmetrical about the z-axis. 

a) The differential equation for 6 is found from (9.18) similarly as in 
(14.2): 
(2) V7ON=20: 


Solutions that have the required symmetry are to be chosen from the 
following (cf. p. 248): 


eee cl Oa 2 2 2 

(8) Shik ot po 
We select the second solution and put therefore 
01 Zz 
4 = Se 
() S rer ase 


b) The differential equation for the Cartesian component ¢ is ac- 
cording to (9.18) and the table 1.3 
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Ligier oe ee A =) 
rr art ag = be A\ Re R°/ 


A particular solution of this equation is 


(5) 


ae a baa 


to which we may add solutions of the form (3). Choosing the first solution 
(3), we assume ¢ in the more general form 


) ae. 


I sg yk me atin ed 4,(1-24) 
7 Ser 5 ae 3B ; 


This may be transformed into 


—(2* geo bl gues Anat 
m or 2 


Q) Fe) = 


and can be integrated to give 


_ — (2+% )e ptrAae 
(10) rp = ( i A+tC}, + ; + f@); 


where f(z) is the integration constant. For r = 0 and all positive values 
of z we must require rp = 0; since then & = z, we have 


_ 3utrAA 
jo =o EMS 


and Eq. (10) yields 


(11) p= (c+ @tr4)! -(c+ BE 4) 4 


ee +AA a 

2 rR nb 2 
d) The boundary conditions at the surface z = 0 are for r > 0 

(12) o,, = 0, o., = O, o,, = 0. 

The first condition requires that 


o¢ Op 
(13) ar ee 


The second condition is automatically fulfilled for reasons of symmetry, 
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not only at the surface z = 0, but everywhere inside the elastic body (see 
below under f). The third condition is equivalent to 


SE 
a 


since © = 0 for z = O andr > 0; according to (7) it is also automatically 
fulfilled. We now substitute in (13) according to (7) and (11) for z = 0 


a _ Coe _ — (c+ #t% 4) 3 


“2 
or ee oz 


r 
and obtain 


QwtrnA 
i eed 


e) The state of deformation can thus be described by the following 
relations 


(14) a — 


~4%, t-—-4 (24) eee 
See eo s( i Re 
(15) 
=2(1- Se 
por uw 6 UOUWrR por 
It follows that 
(16) vr = HE +20 = Al +) 


Only the integration constant A remains to be determined; this must 
be done by relating it to the external force P. If the body is cut in two 
at an arbitrary depth 2 along the plane z = 2 , the following condition 
of equilibrium must hold: 


(17) = — an | o,rdr when z=2. 
r=0 
On substituting for ¢,, according to (16) and observing that 
| ae | 
r=0 R® ra 3R° r=0 7 32°? 


one obtains 
(18) P= —27A(u + 2d). 


f) Of the three shear stresses o,, , a , o,, the first two obviously 
vanish everywhere within the elastic body. This implies that the normal 
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stress o,, belonging to any point of the surface y = const is a principal 
stress usually called the hoop stress. The associated stress trajectories are 
circles about the axis given by the forces P. In every torus or hoop of 
infinitesimal cross-section whose axis is a circular stress trajectory, there 
acts a definite stress o,, that is characteristic of the hoop. The same hoop 
stresses occur in pipes and boilers subject to internal pressure, and their 
magnitude is the determining factor for the safety of the construction. 
In the present case the action of the external force P on the “hoops’’, of 
which the semi infinite body can be thought to consist, may be com- 
pared with that of an internal pressure. Since p denotes the increment of 
the hoop radius, the change of its length is 2p and its extension 2rp/2ar = 
p/r. It follows therefore that 


z 


(19) tee =O Con = QUege +O = Bo +A Fs, 


or, because of (15), 
A , 3 
One = 4(u-@utne+usns)eug. 


This may be rewritten in the following form 


Ap Z a 
(20) oy = AH (1-224 4). 
The expression stays finite for r = 0 since the factor in parentheses 


vanishes. 

The justification for the use of the particular solutions (4) and (7) 
must be seen in the fact that they can be made to fit all continuity re- 
quirements and boundary conditions of the problem. The vanishing of 
the displacements and stresses at infinity should also be counted among 
the boundary conditions. It can be verified directly from Eqs. (15), (16), 
and (20). 

The assumption of a load concentrated at one point is physically not 
justifiable, but greatly simplifies the mathematics of the problem. The 
general case of a prescribed load distribution along the surface z = 0 can 
be easily constructed from the foregoing formulas by integration. 

Boussinesq published his solution in 1879 and gave a complete repre- 
sentation of it in his book “Applications des potentiels directes, inverses, 
logarithmiques”’ Paris 1885. 

III.1. The misinterpretation of the operator (v grad) would lead to 
the following expression for the r component 
Ov, Vy OV, Ov, 


So poe"? be. 


(1) (v grad)v, = v, 
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Instead of this one obtains by (11.6) 


Ov, ov Ov, 
Yr ae Vea 1% 5 —v, curl,» + 9, curl, v. 


With the values for curl, A and curl, A according to table 1.3, the last 
equation yields after cancellation of two pairs of terms 

wv, Vy 

dz o 


Ve We 
r dp 


(2) y, Be 4 Bee + y, 
The last term is the centripetal acceleration [missing in (1)]. The corre- 
sponding computation for the g¢component of (v grad) v gives the addi- 
tional term 

VV» Vy 


= 0,0 w=, 
r ae! Tr 


When we here interpret w as the amount of the axial vector w parallel to 
the z-axis that represents the angular velocity associated with the linear 
velocity v, , then the term v,w = (w X Vv), becomes one half of a Coriolis 
acceleration (cf. Vol. I Eq. (29.4a)]. One finds, however, that the two results 
are identical in the case of the z-component. The formulas have already 
been tabulated in 1.3 for cylindrical and spherical coordinates. 

III.2 a) We put in Eq. (1) of the problem 


C = Ap*v*a’, 
where the a, 8, y are to be determined and A is dimensionless. On sub- 


stituting the dimensions of v, p, T/l and v, the following dimensional 
identity is obtained 


grem™” sec” = gr® em *0*78F7t* gag F-* 
which yields a = 1, 8 = 2 — n, andy = n — 8, whence 
C = Apy “a3. 


b) On substituting in Eq. (3) of the problem the expressions (16.9) 
and (16.8) for S and R, one obtains 


v must occur here in the n“" power since, this relation should be equivalent 
to Eq. (1) of the problem. It follows that 6 = n — 2 and therefore 


II = Xp +R? 
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c) On using Hagen’s value n = 1.75 in this equation, one obtains 


ea SRM, 


which agrees with the first form of Eq. (16.13), the exponent « having 
Blasius’s value of 4. 

III.3. Let the virtual displacement of the liquid be a motion of the 
surface elements dF in the direction of their normals by 6n. Since the 
volume is conserved both positive and negative displacements 6n (out- 
ward and inward displacements) must occur. The virtual work is com- 
posed of the work of the capillary forces and that of the external forces; 
the first contribution follows from (17.11) by multiplication with én and 
integration over the surface, and the second contribution equals f Uén dF 
where U is the potential energy per unit of volume. 

The constancy of the volume 7 as a whole requires that the variation 
67 vanish: 


(1) ir = [ nar =0. 


This restriction on 6n can be taken care of by a Lagrangian multiplier X, 
that is, by adding the term \é7 to the left side of the virtual work and 
setting the total equal to zero. 

The displacements 6n being now arbitrary, one obtains 


(2) (pe +p)tu+r=0. 


If the mean curvature is here replaced by the appropriate expressions from 
differential geometry, one has in (2) a partial differential equation for the 
determination of the shape of the surface. The hitherto unknown multi- 
plier ) is fixed by requiring the surface to pass through a given point with 
given mean curvature (cf. the next problem). 

III.4. Let the z-axis coincide with the axis of the vertical capillary 
tube and count z positive upward from the external liquid level. Then 


(1) U = pgez. 


For a wetting liquid the radius of the concave spherical surface is negative. 
Eq. (2) of the preceding problem then gives 


(2) —T2 + pg +r=0. 


Since for the external surface z = 0 and the radius R = ~, the multiplier 
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\ must be set equal to zero. The radius of the sphere R can be expressed 
by the radius of the tube 7 if the angle of contact is known: 

(3) R = r/cos#. 

Defining the elevation h by a suitably chosen mean value of the z-ordinates 
of the meniscus, one obtains from (2) and (3) 


t 


(4) h= = cos 3 
pgr 


where the value of cos 3 for wetting liquids is nearly 1. For non-wetting 
liquids R is positive and the right member in Eq. (4) takes therefore a 
minus sign; h denotes now the capillary depression. 

IV.1. From (19.10a, b) one calculatese = x + zy as a function of p + t¢ 
and obtains by differentiation the differential dx + idy in terms of dp + 
idy. The square of the line element ds” is found as the absolute value of 
dx + idy which leads directly to relation (1). 

The fact that the factors of dp” and dy’ [denoted by g; and g? in (2.22)] 
are here equal means.that the network of the two families of curves p = 
const, and » = const consists of infinitesimal squares (provided the in- 
crements dp and dg are equal). In other words, the bipolar coordinates 
are isometric in the sense of p. 139. Note that the same can be achieved 
with polar coordinates in the plane if one replaces z = re’® by z = e’**®, 
where p = log r. 

In setting up the operator VY” the three dimensional scheme (3.9b) 
must be specialized for two coordinates pj = p, p2 = yg which amounts 
to putting 


6 2 = 9, Gs = 1 ae 0: 
In the case of the potential equation V’U = 0 the additional factor 1/9’ 
is immaterial, but its presence destroys the separability in the case of 


the wave equation. With the assumption of a periodic time dependence 
U = ue *** the wave equation V7U + k’U = 0 reads 


au. du ee w 
Op: + ag? + k gu = 0, k — = * 
On substituting here the trial solution (2) and dividing by f,f, , one is led 


to a contradiction if one differentiates once more with respect to p or ¢. 
IV.2. We start from Eq. (19.11) which yields 


v = A grad ¢. 


ANSWERS 361 
For an arbitrary function of the bipolar coordinates f(p, ¢) we have 


_ ldf _ laf 
grad, f ra gdp’ grad, f ar i ee 


If in particular f = yg, then v, = 0 and v, = 1/9, as already mentioned 
in the text of the problem. With A = yu/z as in Eq. (19.8a) we have there- 
fore 


= ae Zz 
(1) lv| =o, = = (cosh p — cos ¢). 


This should be compared with the value of | v| that follows from 
(19.14) 


& _ b 


Ty Parle 


(2) |vj=* 


Tv 


The vector ¢,/7, (¢2/7r2) has the amount 1/r, (1/r,) and is perpendicular 
to the radius vector from z = + c (2 = —c) to the field point. The angle 
subtended by the two radius vectors r, , fr, is therefore gy = 9, — qm. 
Vectorial addition then yields 


ji i = 2 =a faak jd (® ns) 

a a T. Tas ee rt, VQ ry T2 oer 
= [2 pas 
= Nee cosh p — COS ¢. 


Relations (1) and (2) are equivalent when 


1 feosh — cos¢g = =p 
aN ee Nis! 


which is in fact the case, as one sees by applying the law of cosines to 
the triangle whose torners are zg = -tc and the field point. 

IV.3. From the definition of elliptic coordinates in (19.15) we derive 
similarly as in problem IV.1 


ds’ = g’(d?’ + dn’), g= NE cosh 2 — cos 27. 


The equation of the vibrating membrane has the same form as in IV.1, 
but the meaning of g is different: 

vu, Ou 
(1) 8 + on + k’g'u = 0. 
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Substitution of the trial solution and division by ff. leads to 
fl , ch _ fi , ck 
(2) + “5 cosh 26 = fh, as 
Now the quantity \ (the “separation parameter’’) is independent of & and 
n; to show this differentiate (2) with respect to 7 or & (In other words, A 
is a function of £ alone according to the first, and of 7 alone according to 
the second member of Eq. (2) and is therefore constant.) The partial 
differential equation (2) then yields two ordinary differential equations 


cos 2n = X. 


ek? ck’ 
(3) = (, — “3” cosh 2), if = (—a +“) 60s 2n\f : 
The solutions of (3) are called Mathieu’s functions. 
IV.4a. Toroidal coordinates first occur in a posthumous paper of 
Riemann “About the potential of a torus’, Ges. Werke XXIV, p. 431. 
We introduce the notations p, ¢, y and restrict the ranges as follows: 


(1) OS paca, 0S ¢ < 2r, Os y < 2r. 


The geometrical meaning of p and ¢ follows from Fig. 26, the right half 
of which need only be considered (p positive). The angle y is the angle 
of rotation about the axis p = 0 (azimuth); the surfaces y = const are 
half planes containing this axis. In the rotation the circles p = const yield 
a system of coaxial tori about the axis p = 0, and the circular arcs ¢ = 
const yield spherical segments. 

Let us now change the notation of the complex variable z of Eq. 
(19.10a) intoz = % + 7y; then by (19.10a, b) 


csin g 
cosh p — cosg’ 


csinh p 


2 B= 
(2) i cosh p — cos¢’ 


y= 
If we introduce a spatial Cartesian system x, y, 2 such that the z-axis 
coincides with p = 0, the origin with the center of Fig. 26, and the positive 
x-axis has the azimuth y = 0, the following relations hold between the 
coordinates x, y, z and the coordinates z, y, ¥ of the same point: 


(3) ¢= & cosy, i= esi At 


The square of the line element follows now by differentiation (cf. prob. 
IV:1), 


(4) ds’ = dx’ + dy’ + dz’ = g-(dp’ + dg’) + g3 dy’, 
where 
6) g=n=g= 2 g. = —g = ‘sinh e 


cosh p — cos’ cosh p — cos¢g 
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The Laplacian operator follows by (3.9b): 


' jah ( au) ) ( a) g a 
J/= —— = = er ey 
‘6) ions 7 Gs ‘2 _ Op a dp a dy "% Js ay” , 


One assumes U in the form 

(7) U = V/cosh p — cos ¢ V(o, ve", 

and obtains the following form of VU after several steps 
cV’°U = (cosh p — cosy)” 


(8) 2 2 2 
FV av | aV (i - ates)v fe 
a + coth p Op a dg” 4 sinh? p ee 


When we are interested in the potential equation V’U = 0, the resulting 
differential equation for V can be separated by setting 


(9) V = flee’. 
The ordinary differential equation that results for f is 


2 


(10) f” + coth pf’ + e i )j = 0, 


sinh’ p 
the solutions of which are generalized spherical harmonics. 

In the case of the wave equation, however, the differential equation 
for V, obtained from (7), is 


av oV . a&V 
on + coth p By os air 
(11) 
il We ke 
28 (3 ~~ sinh? p + (cosh p — cos ¢)*” ec 


It is not separable in the coordinates p and ¢. 

IV.4b. If the diagram in Fig. 26 is made to rotate about the axis 
yg = Orather than p = 0, the circles p = const generate spheres and the 
circular arcs g = const generate ‘‘spindles” (the latter name is appropriate 
only for the surfaces ¢ < 2/2). The third coordinate is the angle of rota- 
tion y about the axis, hence the surfaces y = const are half-planes as 
before. The ranges for the coordinates are now 


a) —-» <p <+o, =o <= 4, OS y < 2n. 


Introduce again Cartesian coordinates x, y, z, so that the z-axis co- 
incides with the axis of rotation and the origin with the center of Fig. 26. 
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With Z and 7 having the same meaning as before, we have now instead 
of (3) 


(3’) x = ¥ cos y, y=ysny, 2=%. 


By differentiation, a line element of the same form and also with the same 
value of g as in (4) is obtained, but the value of g, is now 
csin yg 


, Sry es ee Es 
(5/) 9s ~ ¥ ~ ‘Cosh p — cose’ 


The expression (6) for V’U, which is still correct, yields when the form 
(7) of U and the present value of g; are used 
e’V’U = (cosh p ~ cosy)” 


(8’) 2 2 2 
av av es m Vain 
E+ cot o © 4 We A Sino) ae : 


When we are interested in the potential equation V’U = 0, the resulting 
differential equation for V becomes separable if one puts 


(9’) V = flee”. 


The equation for f is 


il om ) 
, ” | ann (og = 
(10’) f'’ + cot of @ a ante 0, 
which can be solved by generalized spherical harmonics like (10). 
The wave equation V°U + k°U = 0, however, is also not separable 
in these coordinates. 
V.1. The kinetic energy to be computed is given by 


A © 2 2 2 
a en), 
On substituting for @ according to (26.6) one obtains without difficulty 


(2) Exin = pkrA? | eo dy = 5 TAs 
" 

This agrees with the expression (26.7a) for E,,, , since the amplitude A, 
which occurs in the expression for 7 [cf. Eq. (26.6)], is considered as a 
first order infinitesimal, and e ““” may therefore be replaced by 1. Since 
Hi, 18 zero if the fluid is at rest, the expression (2) is at the same time 
the difference in kinetic energy between states of motion and rest for the 
spatial domain in question. 
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In the second part of the problem 
& = C cos (kx — wt) cosh k(h — y), 
and one has by (24.3) and (24.8) 


7=— 7m (kx — wt) cosh kh; 


this yields 
= 7C (sinh Qkh + 2kh), Ein = Egor = are sinh 2kh. 


V1.1. The Navier-Stokes equations (10.8a, b) augmented by the 
Coriolis term read 


(1) 2ov Xo+uV’v — gradp+F=0. 


With the simplification indicated in the problem text the — and 7 com- 
ponents of Eq. (1) yield for a point on the northern hemisphere 


E dv 
2w sin gu, + v qe 


0, 
(2) 


2 


: dv, 
ee et ea = 0, 


where ¢ is the geographical latitude. (Note that the gravity vector F is 
perpendicular to é and 7.) Since vy, = O and the vertical component of the 
Coriolis acceleration is negligibly small in comparison with g, the ¢- 
component of Eq. (1) gives simply the hydrostatic pressure gradient in 
¢ direction 


With the simplifications introduced, the condition of incompressibility is 
automatically fulfilled. The two Eqs. (2) can be conveniently written as 
one complex equation, similarly as in the theory of Foucault’s pendulum 
(ef. Vol. I. 31.5). We put 


V=,+ wW, 
and obtain instead of (2) 

a’V 
ag” 


Sie 


(3) — 2n°V = 0, a 
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The integration yields 
(4) V _ Ags 


if due regard is given to the orientation of ¢. The constant A must be de- 
termined from the excitation due to the wind pressure, whose components 
have to balance the friction pressures p;; and p;, everywhere on the surface 
¢ = 0. If one introduces a complex friction pressure P by 


; dv ; dV 
P = Dee + tpt, = — (2 + Ms) = Ee? 


where v; has again been neglected, one obtains from (4) for ¢ = 0 
(5) -~—Po = pAXl + 2. 


This is the value of the wind pressure on the surface ¢ = 0 in complex 
notation; it must be considered as a known vector. We introduce the 
notations 


! 
P, =|Po le”, 1 = = —2, 


prr/2 ; 
and obtain the velocities v; and v, when we take A from (5), substitute it 
in (4), and separate real and imaginary parts: 


ve = ne” cos (xz + a — i), 
(6) 
oe eae T 
Vv, = —ve sin (xz + r= i). 


This result permits the following interpretation: The drift current on the 
surface makes an angle of —45° with the wind direction. The velocity of the 
current |v| attenuates with increasing depth and changes its direction in 
such a way that at the depth 


us 


Le 

d Ou. 
— sin 
v 


the current is opposite to the surface current. At that depth | v| is equal to 
¥o°e " (Ekman’s friction-depth). 

For a justification of our simplifying assumptions and for further 
discussion see: V. W. Ekman, “‘Dynamische Gesetze der Meeresstré- 
mungen”’ in the Innsbruck lectures quoted on p. 242. The fact that the 
actual motion is properly a turbulent one can be accounted for by giving 


(7) ez = 
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pa larger value than usual; this takes care of the increased internal friction 
due to turbulence. 

VI.2. When higher powers of y, and g, are neglected and the constant 
terms U}/2 and U;/2 of Bernoulli’s equation are absorbed in the constants 
C, and C, , the following equations are obtained from (11.15) for the dis- 
turbance potentials ¢, and ¢, 


Pi _ 91 Wp... 
ee a aa 


i 


P2 _ 962 | 7, M2 _ a .., 
p 5p es a C, y <0. 


Since the pressure on both sides of the discontinuity surface (y = 0) 
must be the same, one obtains 


dg, Og: _ Ios Ope ees 
(1) af ge = oho Use Co UO 
and the constant c = C, — C, must be zero because of the assumed 


periodicity of yg, and ¢. . 

We write the sinusoidal disturbance of the surface in the convenient 
complex form 
(2) n= Ae’, k= A = function of ¢ 


The y-velocity —d¢,/dy of a particle close to the discontinuity surface is, 
except for second order terms, given by 


dn _ 9n on 
fae cy es 
We obtain therefore 
on Cig 8Pi 
8) at “dns 
and, correspondingly, 
dn On _ __ 92 
(4) at Be Ox —té YY 
Since the problem is two-dimensional, we put 
> A, 
6 a=Ae®", go = Act”, = functions of ¢ 


A, 
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Note that (5) fulfills the condition of incompressibility and ¢, (¢2) stays 
finite for y = +o (y = —~). The problem has a solution only if the 
wave number k in (5) has the same value as in (2). 

Upon substituting (2) and (5) in Eqs. (1), (3), and (4) the amplitudes 
A, A, , Ay are found to obey the following linear system of differential 
equations 


(6) on Ber Ae a eeuede 
(7) a tect d 
(8) AS. 


The solution can be set up in the form 


t 
(9) Ae Ag ie ae Avastaee 


If one substitutes for A, and A, according to (9), one can compute a, 
and a, from (7) and (8), and obtains a quadratic equation for a by intro- 
ducing these values into (6). The two roots are 


(10) a = "le, — Uy) — (U. + Ue). 


Unless U, equals U, , one of the two roots has a positive real part which 
implies a continual increase of the amplitudes A, A, , A, . At any wave 
number k there are thus sinusoidal initial disturbances that will grow in 
the course of time. 

V1.3. In the first pair of equations of VIJ.2, replace U, by U (wind 
velocity) and set U, = 0 (water at rest), add the action of gravity —gn 
(7 positive upward), and introduce the two densities p, and p, instead of 
p. With s = p,/p; and c = 0 as before, these equations yield 


Kgs. (2) and (5) of VI.2 remain unchanged, and so do (8) and (4) except 
for the specified values of U, and U, . One then has the same form of a 
solution as (9) for the differential equations that correspond to Eqs. (6), 
(7), (8) in VI.2, and expresses again a, and a, by a. In this way one obtains 
for a the quadratic equation , 


(10’) s(a + ikU)” + a? = —gk(1 — s). 
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One of the two roots has a positive real part if 


D 2 g 
(11’) are 
Now, +/g/k is, according to (23.16), the phase velocity V of the deep 
water waves if the inertia of the air is neglected (the value of V is only 
insignificantly smaller if the inertia of the air is considered, as can be 
shown by suitably expanding the calculations of 23); hence the condition 
of instability (11’) can be written as 


=e] 
US Va . 
8 


In order to excite disturbances of wave length \, the wind velocity U 
must be considerably larger than the phase velocity V associated with 
this wave length. The plane water surface is therefore stable with regard 
to this wave length for all wind velocities 


_ Ja 
+/0.0013 


If in addition to gravity capillarity is considered, the stabilizing tendency 
of gravity is strengthened and the plane water surface is seen to be abso- 
lutely stable for all wave lengths as long as 


G28 Vain * Vain = 23.2 cm/sec. 


The phase velocity V,;, belongs to the wave length Axi, = 1.73 cm as 
calculated on p. 184. A wind velocity smaller than 28 X 23.2 cm/sec ~ 
6.5m/sec (wind strength 2-3 Beaufort) would not be able to disturb the plane 
surface of the water. This result assumes perfect homogeneity of the wind, 
which in reality is always turbulent. 

VII.1. Let a, b, c be the coordinates of a fluid element at the time ¢ = 0; 
in cylindrical coordinates r, ¢, z 


a= %=Tr cos¢g, 
(1) i= 7 — 7 ein Q; 


C => 20. 


Because of the uniform rotation the coordinates of the same element at 
the time ¢ are obtained if we replace g by ¢ + wt, where w = angular 
velocity. Hence 
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x =acoswt — bsinat, 


b cos wt + asin wt, 


I 


(2) - oe) 
z2=>C. 


It is easy to verify that the condition of incompressibility (34.3) is fulfilled. 
Lagrange’s equations (34.1) give in the present case (gravity being the 
only external force, and the z-axis being counted positive downward as 
in Fig. 7) 


ax a’y Lop _ 
OF cos wi + 9p sin Bh te ag 
ieee oy 1 op _ 
(3) aie sin wt + 4 cos wt + = PE acs 0, 
d°z Lop _ 
dt’ g oe pac . 


If the accelerations in (3) are computed according to (2), one obtains for 
p the system of differential equations 


(4). ae wa, 2 Sou Le q. 

The value of p obtained by integration of the system (4) is identical 
with Eq. (6.10) if (2) is taken into account. 

To carry out the same calculation for a compressible gas is quite in- 
structive; the continuity equation gives in this case dp/dt = O and the 
equation of motion becomes @ = gz + 7'w’/2, which becomes identical 
with Eq. (7.19) by applying (7.18) (the orientation of the z-axis is now 
different). 

VII.2. One starts from the one-dimensional Euler equation (13.1) (no 
external force) 


1 i) 
and introduces ¢ and a as independent variables, where a = 2 is the initial 
coordinate of a volume element whose coordinate at any later time is 


a(t). The mass contained in this volume element equals 


for ¢ = 0: po da, fort > 0: pde = po" da. 
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Conservation of mass demands 


Ox 
(2) Pe = Pot 
It follows that 
re) Ox 
(8) 2(, 22) ae, 


which is identical with Eq. (34.3b). 
According to the remarks preceding Eq. (34.1), we can express the 
material acceleration in (1) by 


(4) “=a fe = as 


5 ap _ ap aa _ ap /ax 
. 0x odadx da/ da~ 


Substitution of these derivatives in (1) yields 


”) ‘af dap aa’ 


This agrees with (34.1) if and only if one takes into account the modi- 
fication of Lagrange’s equations for compressible fluids stated in (34.3a). 

VII.3. If the compressible fluid has initially the constant density po) one 
concludes from Eq. (2) of answer VII.2 by differentiation with respect to 
the independent variable a 


0 Ox 

(1) da € 22) ma 
or 

lép_ _ 16% 
(2) pda—s ww ”’’ 
where we have used Hadamard’s abbreviation 

Ox 

(3) = 


If now a p,p-relation p = ¢(p) is assumed one obtains, using (2), 


(a) a a 


pe 
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Eq. (6) of the preceding answer then takes the form 
(5) ~ Sar ea Q = 


The quantity Q is a function of w alone since, by Eq. (2) of the preceding 
answer, p is inversely proportional to w. This suggests the introduction 
of w as an independent variable. A second independent variable, suited for 
our purpose, is 


(6) 1 = 
By (8) and (6), one finds 
(7) dx = wda-+ ude. 


If one introduces in accordance with the rule of Legendre’s transformation 
the dependent variable 


(8) 2(u, w) = ut + wa — x(t, a) 
and forms its total differential, then one finds 
(9) dz =tdu+aduw. 
From (8) and (9) one has 
Ox ax 
(10) aa: 8! op Ue 
‘ea a2 
(11) eee eo ae 
and from (5) and (10) follows 
(12) Ur; = Qw, . 


Using a well known transformation rule we conclude from (12) 
(13) t=, 


Because of (11) this is a linear differential equation of second order for z 
since the coefficient 2 depends only on the independent variable w. Writing 
(13) in the variable z, we have 


ae 
dw” 


& 
(14) 6 = 
which is the basis of Hadamard’s discussion of Riemann’s shock waves. 
The fact that Eq. (14) is not identical with (37.11) is of course due to 
the different meanings of the new dependent and independent variables. 
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VII.4. Introduce spherical coordinates 7, 3, ¢, so that r = 0 coincides 
with the center of the sphere and @ = 0 with the axis of rotation; let the 
constant angular velocity be? = w. Assume that the fluid moves in circular 
streamlines about the axis in the sense of increasing yg, and show that this 
very simple assumption is permissible.—The first two of the velocity 


components v, , vs , ¥, = v vanish and, because of the assumed incom- 
pressibility, 


while dv/d3 and dv/dr are different from zero. Eq. (35.6) is again our 
starting point; developing the expressions for curl curl with the aid of 
answer I.3 we obtain 


(1) - curl, curl v = curl; curl v = 0 
Dex 10°7v) 10 1 Asin dv) 
(2) ane des rdersind od ~ 


From (35.6) and (1) we conclude first 
grad, p = grad, p = 0, 


and since for reasons of symmetry grad, p = 0, we have altogether 


(3) p = const. 
From (2), the differential equation for v is obtained: 

. 2 av a’ a oe ) - 
6 e+: ote ale see 55 Se) 


On substituting v = C-f(r)g(), one obtains the two equations 


vt ra3 a tt 7 aoe 1 Ca 
(5) ff a 2 = 0, g’’ + cot d g +(r =t5)0 = 0, 


X being the parameter of separation. A solution® of this equation that 
vanishes at infinity and remains finite for all values 0 < 8 < mis 
1 


(6) as, g=sind, A=2. 


3A more general solution is 


i =5, g = P,(cos 8), = n(n + 1) 


where P', is Legendre’s associated function of the first kind, cf. Vol. VI, Chap. IV. 
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The velocity law is obtained as 


(7) v=w-asnd 


3,,| g 


where the factor C was chosen so as to make v = wa sin # on the surface 
of the sphere. Thus, since we can fulfill the boundary conditions, the 
special choice \ = 2 in (6) is justified, and it is seen that the more general 
solutions mentioned in the footnote would be unsuited for our problem. 

In order to pass from (7) to the friction pressures, one calculates simi- 
larly as on p. 36 from (4.26) and (4.28) with 6q, = dq. = 0, 6g, =v = 
w sin da®/r’: 


Ey = Bs, = nee = “ sin o(-2% aa ) = 3 sind % 
Hence all friction pressures vanish except 
©) Dig = —2ing = Suu Sy sin 8. 
The moment can now be computed: 
(9) —M = 2ra’° il Dry sin’? & dd = 6ruwa* i ‘ sin? & dd = Sruwa” 


in agreement with (35.21). The moment required for the maintenance of 
uniform rotation is opposite to the moment of the friction pressures and 
acts therefore in the positive g-direction as expected. 

Kirchhoff treats the same problem in a more elegant though less concise 
manner using Cartesian coordinates, cf. footnote on p. 251. 

VIII.1. We denote the reactions at the points A and B by these same 
letters and have 


A 


Il 
me 


These reactions determine the shear force introduced in the context of 
Kq. (41.12) in the regions I (between A and P) and II (between P and B) as 


(1) S,; = A, Sr, = —B, respectively 


Note that the positive x-direction is from A to B and that both shears 
Sr, and S, refer to positive z-surfaces in the sense of Fig. 6. The shear 
force is constant throughout either one of the regions I and II, but jumps 
at the load point by the amount P; this discontinuity is, of course, due 
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to the unrealistic assumption of a concentrated load. In a cross-section at 
a distance x from A (region I) the bending moment equals 


(2) M, = Ax =P}. 
For the region II, in a cross-section at a distance ¢ from B, the bending 
moment is 


(3) | My = BE = Poe 


My, refers to a positive &surface which evidently is equivalent to a 
negative x-surface. A graph of VM consists therefore of two straight lines 
that intersect at « = a (or — = b). At this point, M = M,,,, = Pab/l 
according to both (2) and (8). 

The deflection of y, is found for the region I from 


dy, _ Pb 
(4) dx’ al J l x, 
and for the region II from 

@yrr = Pa 
@ de EJ 1 


The constants occurring in the solutions of (4) and (5) must be deter- 
mined from the following boundary and continuity conditions: 

a) The deflection y; must vanish at A, and yz; at B. 

b) At the point of application of the load both curves must join con 
tinuously and with common tangent. These conditions yield 


22 — 4) 
a’b d 


a as ab 
(6) ; 
wee OE gt 2 i) 
yn = BT 61 & 25 War 
The deflection at the load point is found from both equations as 
P at? 
(7) Y = You ~ HT Cie 


The shear forces (1) and the bending moments (2) and (3) are always 
interconnected by the relation 


(8) SS 


376 ’ ANSWERS 


If the beam is loaded by several vertical forces at given points, shear 
force, bending moment, and deflection can be easily obtained by super- 
position of the corresponding expressions for single loads. 

VIII.2. a) Let F be the cross-section of the rod, and count the dis- 
placement £ of M (which is also that of the lower end cross-section) positive 
downward. M is subject to the downward action of gravity and the elastic 
force of the rod o-F = FE-¢/l that acts upward. The equation for the 
displacement é reads 


(a) ME =Mg-k, k=", 
and gives, when integrated, 
(2) t= 4+ A coswot + B sin wot, 


£ 


0 


(3) Po oe 


the constants A and B are to be found from the given initial conditions. 
One sees that £ oscillates about the constant value & = g/wo which is 
nothing else but the static extension obtained from (1) for — = 0. 

b) With the notations J, = polar moment of inertia of the cross-section 
of the rod (assumed as circular), « = torsion modulus, ¢ = angle of torsion 
of the mass M about the axis of the rod, we have by (42.6) 


1 Se 
(5) 6g = = % 
and 

© = SE: 


c) The motion of M can be described in good approximation as a vertical 
displacement (it is exactly that for a rod on two supports if a = b = 1/2), 
hence Eq. (1) may be used again, but £ means now the transverse dis- 
placement of M. 

The “spring constant” k is 


for the rod clamped at one end: k = 3 EI/I’ 
for the rod supported at both ends: k = 3 EIl/a’b? 


where I is the equatorial moment of inertia of the cross-section, This leads 
to the frequencies 
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BEI Et. - é 
(7) @ = Warp? (8) w= cae respectively. 


In a more accurate theory of extensional, torsional, and bending oscilla- 
tions the mass of the rod itself would have to be considered; this would 
lead to partial differential equations of second order in place of the ordinary 
equations (1) and (5). In addition to the fundamental oscillation of fre- 
quency w, which was determined in the foregoing, one would obtain an 
infinite sequence of harmonic oscillations according to the infinitely many 
degrees of freedom of the elastic rod that are now active. 

VIII.3. For t = 0, one has € = 0, = v ; then, according to Eq. (2) 
of the preceding answer, one obtains 


(1) = £ (l= cds @ot) + = sin Wo, 
0 


hence 


te be Ve) + (8), 


0 


The maximum tension is found according to Hooke’s law as 


EH 
(3) : Omax — T bmax . 
Assume now 
avy — 0, 
then 


b) for large vo 


_ ¥ _ [Mvol _ [MoE 
foes = Wo a E ’ Omax = Fl i 


Both results verify the statements a) and b) made in the text of the 


problem. 
VIII.4. The equations 


y = 4 C08 U, 2=bsinu,0 < u < 2; 


constitute a parametric representation of the elliptic circumference of the 
cross-section; a family of similar concentric ellipses is given by 


Yy = Gd COS 4, 2 = ON SIN 4, (ap er | 
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The parameters \ and u occurring here are suitable coordinates for the 
calculation of the integral (42.23). The Jacobian of the transformation 
y,2—r, wis 


oy dy 
Or Ou 
Dl = "AON. 
dz oz 
Or ou 
One obtains therefore 
We wa be Me ) — Mia’ +B! 
— He ee FY = a= rab 


On the other hand, the polar moment of inertia J, of the area of the 
ellipse is conveniently calculated by adding the two equatorial moments 
of inertia J, and I, , which, in turn, can be obtained from the equatorial 
moment of inertia of a circular area of radius a, I = a’r/4, by “homo- 
geneous compression”. This means that J, and J, take up the factors b’/a° 
and b/a respectively. The resulting polar moment of inertia is 


J, = ie + an = = ab(a® + 0’) 
‘ Go 4 ; 
It is different from the geometrical factor occurring in M and ¢; , viz. 


a°b* 
alo’ 


the two factors being identical only for a circular cross-section where a = b. 
VIII.5. Let the plane of incidence be the z,y-plane as in 45. Polariza- 
tion perpendicular to this plane means that of the three displacements 
&, n, §, only ¢ is excited. According to the table on p. 327 a transverse wave 
incident at the angle a, and reflected at the angle a, , is given by 


f; = A exp [¢k(x sin a, — y cosa), 


¢, = B exp [ik(x sin a, + y cos a,)]. 


Since the frequency w of both waves is the same this is also true for the 
wave number k, cf. (45.5). The three conditions (45.1) (boundary y = 0 
free of forces) reduce to one condition 
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which can be fulfilled, without assuming an additional longitudinal wave, 
simply by setting 


(1) ao =a, and B=A. 


This is a regular reflexion with constant amplitude. 
If on the other hand, a longitudinal wave strikes at the angle a, and 
is reflected at the angle a, , we have to deal with the two components 


£, n given by 


E; sim a 

(2) = A exp [ik(a sin a, — y cos a)], 
Ni — COS a; 
E : sin “| 

(3) = B exp [tk(a sin ag + y COS a,)]. 
n:) COS a } 


Since w is again the same for both waves [it is given by (45.10)], the wave 
number is the same too. 

Of the three conditions (45.1) only o,, = 0 is now identically fulfilled. ° 
The two others 


(4) Cy, = 0, Cy = 0 


call again for regular reflexion, that is, a, = a, = a, but they cannot be 
satisfied by adjusting the one available constant B/A. Again a reflected 
transverse wave polarized parallel to the plane of incidence must be added; 
this wave can be written according to the central column of the table on 
p. 327 in the following form 


é, COS @, 
(5) = C exp [tk,(x sin a, + y cos a,)], 
Ne — sin a, 


The two angles a, and a are connected by the “Jaw of refraction” (45.12) 


1/2 
sina = nsina, , n= _ (244) : 
k be 


One computes from (2), (3), and (5) the total displacements. 
G=',+2%+ 8, m= 9:3 + Mr +. 


and finds from the two equations (4) two conditions for the two ratios 
A:B:C [ef. the similar equations (45.13) and (45.14)]. 


APPENDIX I 


THE COMPONENTS OF THE THREE-DIMENSIONAL 
STRAIN TENSOR IN ORTHOGONAL CURVILINEAR 
COORDINATES 


The formulas (4.26) and (4.28) for the strains e;; and e;, simplify con- 
siderably if instead of the displacements 6g, which have the dimensions 
of a length, the associated variations of the coordinates 6p are introduced; 
the latter do not, in general, have uniform dimensions; e.g. in the case 
of polar coordinates, the quantities 6p are (in part) angular changes. 
On substituting in (4.26) and (4.28) for the 6p, according to Eq. (4.19) 
6g, = g.op, and carrying out the differentiations 06g;/dp; one obtains 
directly 


Oop: , pa 99: 
1 é;; = + aes 
Op; Gi OD « : 
(2) de, = $i 25D 4 ge 8p: 


9x OD: g: Op; ~ 


The second term in the right member of Eq. (1) symbolizes the sum 
of the terms that are obtained by putting a = 1, 2, --- , n, in accordance 
with the following summation convention introduced by Einstein: a Greek’ 
character that occurs twice in one term is to be considered as a summation 
index. Since we operate in three-dimensional space, the second term on the 
right side of Eq. (1) stands for 


> Ps 89: 
a1 g: ODa ; 
To simplify the notation further we shall denote the variation of the co- 
ordinate, 6p; , by é'. This we do in accordance with the general conventions 
of tensor calculus, where superscripts indicate contravariant and sub- 
scripts covariant components of a vector. With these changes Eq. (1) 
reads 
(1a) _ oF , Fog: 


ii = =; . 
“OD; ° gs Opa 

‘By restricting the indices of summation or dummy indices to Greek letters one 
avoids confusing ¢:; or the later occurring &.; with the first scalar or spur of the corre- 
sponding tensors. Without this or a similar restriction the notations of tensor calculus 
are likely to mislead the student, however concise or convenient they may be. 
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The subscript that occurs here in the symbol £; is used to denote the 
covariant derivative of the contravariant vector £ with respect to the co- 
ordinate p; (note that the position of the subscript indicating the differ- 
entiation is shifted to the right; in this way a definite order of the indices 
is established). Vector components are called contravariant’ if they trans- 
form in the same way as the coordinate differentials dp; ; covariant. vector 
components transform conversely to the differentials in the sense that 
the matrix of the transformation & — €; is the inverse of the matrix of 
the transformation dp; — dp: . The differential quotients of a scalar 
point function with respect to the coordinates form examples of covariant 
vector components (gradient of a scalar). The same is noé true for the 
differential quotients of a vector like d£*/dp; . The latter quantity must 
be augmented by the sum over a that appears in (la) in order to become 
a covariant derivative. 

We shall first verify that the factor that goes with &* in (la) is a special 
case of what is generally called a Christoffel symbol* (of the second kind). 

The general definition of this symbol (for arbitrary coordinates 2,223) is 


ws gee OG _ 2) 
(3) { uy, c} a 2 g ox, + Ox, OX ’ 


where g,, are the covariant components of the metric tensor. In the case 
of orthogonal coordinates to which we restrict ourselves in the following, 
we have 


, by 
in = Osn9; = Se 
Jix rJiGk » g 9:9 


(for the definition of 6;, cf. p. 10). It is now easy to verify that in this 
case 


(3a) -  _ fai, f= —, 


2The terms contravariant and covariant were introduced by Hinstein to replace 
the terms cogredient and contragredient (respectively) which had been used before. It 
will be noticed that for reasons of consistency the coordinates and their differentials 
should also be written with superscripts, that is, p; and dp; should be replaced by p?* 
and dp? respectively; this notation has actually been adopted by some authors.—The 
differential operation £*.; is covariant in the sense defined before, but we shall not prove 
that here, nor shall we prove formula (4) or the rule concerning the raising or lowering 
of indices. For these matters the reader is referred to the very careful although con- 
densed representation by A. 8. Eddington in his Mathematical Theory of Relativity, 
Cambridge, 1923 and to The absolute differential Calculus by T. Levi-Civita, (engl. 
transl. London, 1927). Our Eqs. (3b) and (4) are derived in 29, Eq. (4) of Eddington’s 
book. 


im 
3Instead of {uv, «} one often finds ; ; note also Hinstein’s symbol Py 
Co 
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which permits us to write instead of (1a) 


6 Oe ge 

(3b) f.. = ap; + fat, a}é°. 

We supplement this by the general expression for the covariant derivative 
i _ oF ee 

(4) f, = ap, + {ak, t}é*. 


In the present case {ak, 7} is only different from zero for a = ianda = k, 
therefore 


i 9g: te — Gx 99x = 
Gi Or gi Op; 

One might think that the last expression represents the strain e;, [Eq. (2)], 
but this cannot be correct, since it is not symmetrical in the indices 7 and 
k. To satisfy the symmetry condition we have to consider the covariant 
vector é; and its contravariant derivative £;". The latter is obtained by 
lowering the superscript 7 and raising the subscript k in £', . In the case 
of an orthogonal line element these operations require only a multiplication 
by g; and division by g; . In this way we obtain from (5) 


(5) an = ope at 


2a og" Gi Og: « 10% 5 
i == — 
ei Gs De Ge OD ‘ Ju OP: : 
We finally interchange 7 and k, which is entirely a matter of notation, and 
obtain, 


) fr ~ gi Op; | ge Ops - 9: Op, 
The last two terms in (6) are opposite in sign to the corresponding terms 
in (5), hence we obtain by adding (5) and (6) 


E 


sgt OE, Oe 
Su an, ie g: OD: 
or, after multiplication with g;/g, , 
tree “i i Of gu Of" 
7 € 
) q, ee + be) = i Oh eee 


The right member of this equation agrees with the right member of (2) 
if one returns to the original notation 5p; = £', 6p, = &. In the notation 
of tensor calculus the strains are thus given by the representation 


(8) ) en = EE +H), 
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which includes the representation (la) when 7 = k: 
(8a) he = gE, 


Note that the last two equations are in complete analogy with the original 
representation (1.11) in rectangular coordinates. This is in accordance with 
the general aim of tensor calculus in which one tries to introduce symbols 
and operational rules of such a nature that the equations written in curvi- 
linear coordinates correspond as closely as possible to those written in 
Cartesian coordinates. 


APPENDIX II 


THE CONVECTIVE TERMS OF THE ACCELERATION 
VECTOR IN TENSOR NOTATION 


From the contravariant displacement vector op; = é* (Appendix I) we 
pass now to the contravariant velocity vector 6p; = v'; the general form 
of the contravariant vector of the material acceleration is 


dy’ ov’ as 
) oe ae 


where the Greek index again indicates the summation with respect to a. 
This formula corresponds to the elementary vector equation 


dv av 
(2) aie (v grad)v; 


but (2) is only correct in Cartesian coordinates, while (1) is correct for 
any form of the line element and yields automatically the additional 
inertia terms that were computed in Problem III.1 in an indirect way 
for the case of cylindrical coordinates. 

Let us take up this example once more to examine the structure of the 
convective terms v*v:, for? = 1, 2, 3. With p, = 7, p. = ¢, ps = 2 and 
g: = 1, 92 = 7, gs = 1 we have 


aes OE 2. _ dp _ % 3 ae 
(3) = = ps, a = S3 Us 


According to Eqs. (8a, b) of Appendix I we calculate the first line and 
according to Eq. (5) the second and the third lines of the following table: 
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Ov av U; 3 Ov, 
eae r 2 — £ — 
VES or F) v.29 do r 5 r ’ V.3 dz 5) 
ov Ov v 3 Ov, 
a aoe, bet ee 2 = Cee “e = 
(4) V.g = de Vo ; V4 or r ae r p) Vy or ? 
Ov 0 Dv 3 Ov, 
jae r 2) See = 
Os ee Oey > 


Multiplication of the terms of the 1°*(2’, 3°) column with*those terms of 
(3) that have the same index a, and summation over a yield the 1°*(2*, 3°) 
component of the convective acceleration: 


ov, Ov, ov, _ Ue 

or | span 2 teas 
at 41 (, We 1, We 1 We te 

(5) On (0 ar SER ido, te a r 
Ov, Wy Ov, 4 

ap | ema, F geen . 


In the second line the common denominator of all terms, 1/r, has been 
factored out in preparation for the final equation of motion in Appendix IV. 

Note again the ‘dnertia terms” that have been placed in the fourth 
column: 


they are identical with those of Prob. III.1. 

While only the first three terms are correctly obtained by applying the 
pseudo-vectorial operation (v grad)v (cf. also the table on p. 347 where 
these terms have been indicated in the form A. grad A, , etc.), the present 
computation yields all four terms at once without discrimination. The 
correspondence between the ‘‘additional’’ terms on the one hand, the 
centripetal and half of the Coriolis acceleration on the other hand, was 
already pointed out. 

If the same calculation is made in spherical coordinates 7, 3, @ where 
9. = 1, g2 = 7, gs = r sin 8, one obtains instead of (3), (4), (5) 
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( 3 y , 
1 v,. > Os 5 Ov COS BV 5 
v4, = Bee SS SS v. peers th, 
, gre: ‘. rae i eee 7 Bert 
Ov Ov ov 
(4a) 1 vy! = 7 v y = AA ' y° — ee 
> ad a. + rar? 7 psin d ar’ 
ov z Ov, cos & Oy ox 
1 r 2 fe] 
ae EY, Un ee eg Se 
Og - Las rdg r 7"? "sin & dd 
ve ve 
v-gradv, —- 2 — 
6 r r 
1 vv cos 3 v2 
5a Dig = r {v-grad v —# — —"——# 
= ) a =a ot r rsin 0 
(v. ro oes UV» Ee COS VU 30 y 
r sin & 8 . , rsind }) ~ 


With 1/r and 1/r sin & factored out (in the second and third line), the 
result shows the presence of the terms corresponding to the elementary 
vector formula v (grad v). Let us again consider the additional ‘‘inertia 
terms’: in the first line we find the ordinary centripetal accelerations 
—v;/r and —v,/r. The full value of the latter term that corresponds to 
the motion along the parallel of radius 7 sin 3 is —v;,/r sin 3, but the 
component in r-direction is obtained by multiplying with sin @ so that 
this factor cancels. In the second line we find the other component, which 
has the factor cos #. We further recognize in the middle term of the second 
line and also in the last two terms of the third line one half of a Coriolis 
acceleration. We need not attempt to visualize these terms in a direct 
kinematic way, nor do we need the geometrical arguments that single out 
the components, since we trust the validity of the general formulations of 
tensor calculus.—It is, of course, possible to obtain the same result by 
vector analytic methods (cf. the table on p. 348) 


APPENDIX III 


THE TENSOR OF FRICTION PRESSURES 
AND ITS DIVERGENCE 


The connection between the tensor of the friction pressure and the 
rate of strain is given by Eq. (10.2), pi, = 2ué;, , when we restrict our 
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argument to incompressible fluids. To obtain é,, , we differentiate Eq. (8) 
of Appendix I with respect to ¢ and obtain 


(1) a= HE Oe +m). 


This equation expresses the friction pressure in terms of general tensor 
analysis (Eqs. (4) and (4a) of Appendix II can again. be used for the 
particular cases of cyl. and sph. coordinates). In the equations of motion, 
however, the friction pressures do not occur individually, but as argu- 
ments of the ‘‘vector divergence” [cf. Eq. (10.5)]. In Cartesian coordinates, 
the latter could be transformed into the pseudo-vector —u V’v of Eq. 
(10.8) (see problem I.4 for the correct form of V’v in cylindrical co- 
ordinates). In order to carry out the corresponding computation in terms 
of general tensor calculus, we have to replace V’v by the differentiation 
and subsequent contraction of the tensor v:, + »,’ of Eq. (1), in other 
words, we have to carry out the operation 


(2) geo See 


The dummy index a indicates here the summation as well as contra- 
variant differentiation. The second term in (2) vanishes, however, when 
the summation is carried out as a consequence of the assumed incom- 
pressibility. The 7** component of the vector so obtained (we denote it in 
the following simply by Div’ p) is therefore 


(3) Div’ p = —p'is*. 


This calculation requires the contravariant differentiation of a tensor* 
rather than a vector, which is dealt with in Eddington’s book, loc. cit. §30. 
In the case of cylindrical coordinates one obtains on the basis of Eq. (4) 
Appendix II 


1af a 1 0% av v ov 
4 rt = 12 (me) at ee ee 
(4) v - r = r dg? aa a PP 2 ae 


The first three terms of the right member represent the ordinary La- 
placian of Prob. 1.3, p. 346f applied to v, and may be denoted by V2, ; 


“The formula in question is 


F Dv: av’ 
Viet = oe tet, ‘Bju'g + {61, i}v%, , 
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the last two terms are due to the fact that v, is not a scalar but a vector 
component. These terms and the corresponding terms in v°..° agree with 
those of Prob. I.4 as expected. In the ‘‘Cartesian’’ component v2,° no such 
terms occur. Applying the same V7*-operator to the other components we can 
write the result as 


(5) 


3. 2 
i. = var 


Note that in the second equation 1/r has been factored out as in Ap- 
pendix II. 

In the case of spherical coordinates one obtains in the same way instead 
of (4) 


; ay.) It 30% ( ee 1 4%, 
(> 7 Fag os as) sino Oe 
(4a) 

2 


2 Loe 1 = 
r (1, + <4, & (sin v 00) sind do/" 


The first line is again the Laplacian V7’v, in the form valid for the present 
coordinates. The additional terms in the second line can be reduced if the 
condition of incompressibility is used. Giving V*v» amd Vv, the ap- 
propriate meaning and factoring out 1/r and 1/r sin 3 as in Appendix II, 
Eq. (5a), we obtain 


290 
vi.” = Vv, + Sie re (rv,), 


Tr Or 


Ht Ov, v 2 cos 3 dv 
| vi + 2 (2. = i > |. 


ee | 2 1 (2% — Vy a) 
a | vv. + * si — aie ene o/ \ 


= 
Ou 
oe} 
~~ 
‘SS 

X) 
R 

R 

I 
a ee 
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APPENDIX IV 


THE EQUATIONS OF MOTION OF A VISCOUS 
INCOMPRESSIBLE FLUID IN CYLINDRICAL 
AND SPHERICAL COORDINATES 


The general form of the Novica = equations for arbitrary co- 
ordinates is: 


Oar 16 


~ o*v'e) — wie” + (p+ i 


The individual terms correspond exactly to the vector equation (16.1), 
provided we write the external force F as the negative gradient of the 
potential energy V and collect the latter together with the pressure in 
one term. The nee (p + V)* in (1) means contravariant differentiation 
with respect to the 2 coordinate. : 

Iq. (1) presents an opportunity to point out a homogeneity law of 
tensor calculus that refers to the degree in which the individual indices 
occur. One sees that all terms of Eq. (1) are of degree +1 in the index 7 
and of degree 0 in the index a, provided we count the occurrence of a 
certain index positive, if it is a superscript and negative if it is a subscript. 
It is this circumstance that requires the last term in (1) to be a contra- 
variant differentiation, and is responsible for the factor 1/g; that will 
occur later, when we pass over to the ordinary gradient operation. (Remem- 
ber here that the derivative of a scalar with respect to x; is in itself a 
covariant vector, as pointed out in Appendix I.) It should be kept in 
mind that v' is the rate of change of the 7 coordinate, but not of the 
corresponding component of the path; likewise 0v‘/dt is the local accelera- 
tion of the coordinate which differs from the corresponding acceleration 
along the path by the factor 1/g; . The condition of incompressibility, 
div v = 0, appears now in the form v*, = 0; it has already been used in 
setting up the friction term in (1), ef. the simplification of Eq. (2) in 
Appendix IIT. 

Eq. (1) is perfectly general and oes not presume an orthogonal system 
of coordinates; the simplicity is lost, however, when Eq. (1) is spelled out 
for any particular system of none Caueeulth coordinates. Even if we assume 
an orthogonal line element, we should have to introduce the quantities 
g; on which the Christoffel symbols depend that are implicitly present in 
(1). Thus it is hardly worthwhile to develop Eq. (1) in terms of general 
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orthogonal coordinates, and we shall give only the results for our two 
special cases: 


Cylindrical coordinates. 


We substitute expressions (5) of Appendix II for the convective terms 
and expressions (4) of Appendix III for the friction terms, and multiply 
the second component of Eq. (1) with the factor r that appears in the 
denominators of the second line of III.4 and II.5. The first and third 
terms in the second component of Eq. (1), viz. 


av? 


at ve and + Vy =e Pt 


rT ir 0g 


ze 


are then transformed into the ordinary acceleration and the ordinary ¢ 
component of the gradient 


We d(p + V) 
at and = 


Using again the appropriate (scalar) V” operating on the components of V 
and the notation v-grad v; we obtain 


WW 4 y. -%) 
Ae + v-grad v, 3 


| eee ive) ap + V) _ 
ul Vv a ae + or = 


We 4 y. te) 
(2) Af + v-gradv, + ; 


ae 


lv deel ys 
r 0@ 


r 0g 


? 


o/s wl 6 0 
dz ' 


Ae + v-grad ») RA a 


This must be supplemented by the condition of incompressibility v", = 0, 
viz. 


(3) 


Us pao Gs ga 
y Or Gr? 3 dy 7" 02 a 


The corresponding calculation in spherical coordinates uses (I1.5a) and 
(III.4a). We again have to multiply with the denominators factored out 
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in the second and third lines of these equations and obtain with the 
symbols V? and v-grad v; , the meaning of which is now different, the 
following relation: 


80, _ % Se) 
Ae + y-grad », ; 


ip 


5 F a V 
- ov, + 32 (my) + ptt) ee 0, 


vie es —— 
abr * + vegrad vy + 7 r sin 3 


- Avr +5 2 | Se eg ee ive |) au pt ~ 0, 


We pede a 


ot 


COS 7 U5 
p pedi ak 


r sin 3 


E COS3 AV, Uy =|) dp » =e 


sin 3 0g rsin 3 dg 


—(v%, Tene do ' snd de 2sin’d 


r a5 


We add the condition of incompressibility v*, = 0, viz. 


1 
Find ae =H 


Ga) 5 ry) + 
The appearance of these equations is rather unsymmetric, although we 
have tried to write the inertia terms that accompany the V” expressions 
as uniformly as possible. The only perfectly symmetric form that can 
compete with the form of the Stokes-Navier equations in Cartesian co- 
ordinates is Eq. (1) itself—It cannot be denied that the calculation of 
the foregoing results by tensor methods is rather involved; the elementary 
vector methods of Prob. 1.4 and III.1 yield the same results more quickly. 
In more general cases, however, such as the oblique four-dimensional co- 
ordinates indispensable in the general theory of relativity, there is no 
other method available but that of tensor calculus. 
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